
“Advanced Machine Design”.

In Section 1 of this course you will cover these topics:
Introduction To Mechanical Design

Materials

Load And Stress Analysis

Deflection And Stiffness

Topic : Introduction To Mechanical Design

Topic Objective:

At the end of this topic student would be able to:

 Learn the concept of Mechanical Engineering

 Learn the concept of Defining a design process

 Learn the concept of Design and engineering

 Learn the concept of Design and production

 Learn the concept of Process design

 Learn the concept of Drafting

 Learn the concept of Finite Element Analysis

Definition/Overview:

Mechanical Engineering: Mechanical Design is an engineering discipline that involves the

application of principles of physics for analysis, design, manufacturing, and maintenance of
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mechanical systems. Mechanical engineering is one of the oldest and broadest engineering

disciplines.

It requires a solid understanding of core concepts including mechanics, kinematics,

thermodynamics, fluid mechanics, and energy. Mechanical engineers use the core principles as

well as other knowledge in the field to design and analyze motor vehicles, aircraft, heating and

cooling systems, watercraft, manufacturing plants, industrial equipment and machinery, robotics,

medical devices and more.

Key Points:

1. Defining a design process

According to video game developer Dino Dini, design underpins every form of creation from

objects such as chairs to the way we plan and execute our lives. For this reason it is useful to

seek out some common structure that can be applied to any kind of design, whether this be for

video games, consumer products or one's own personal life.

For such an important concept, the question "What is Design?" appears to yield answers with

limited usefulness. Dino Dini states that the design process can be defined as "The management

of constraints". He identifies two kinds of constraint, negotiable and non-negotiable. The first

step in the design process is the identification, classification and selection of constraints. The

process of design then proceeds from here by manipulating design variables so as to satisfy the

non-negotiable constraints and optimizing those which are negotiable. It is possible for a set of

non-negotiable constraints to be in conflict resulting in a design with no solution; in this case the

non-negotiable constraints must be revised. For example, take the design of a chair. A chair must

support a certain weight to be useful, and this is a non-negotiable constraint. The cost of

producing the chair might be another. The choice of materials and the aesthetic qualities of the

chair might be negotiable.
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Dino Dini theorizes that poor designs occur as a result of mismanaged constraints, something he

claims can be seen in the way the video game industry makes "Must be Fun" a negotiable

constraint where he believes it should be non-negotiable.

It should be noted that "the management of constraints" may not include the whole of what is

involved in "constraint management" as defined in the context of a broader Theory of

Constraints, depending on the scope of a design or a designer's position.

2. Design and engineering

Engineering is often viewed as a more rigorous form of design. Contrary views suggest that

design is a component of engineering aside from production and other operations which utilize

engineering. A neutral view may suggest that both design and engineering simply overlap,

depending on the discipline of design. The American Heritage Dictionary defines design as: "To

conceive or fashion in the mind; invent," and "To formulate a plan", and defines engineering as:

"The application of scientific and mathematical principles to practical ends such as the design,

manufacture, and operation of efficient and economical structures, machines, processes, and

systems.".Both are forms of problem-solving with a defined distinction being the application of

"scientific and mathematical principles". How much science is applied in a design is a question

of what is considered "science". Along with the question of what is considered science, there is

social science versus natural science. Scientists at Xerox PARC made the distinction of design

versus engineering at "moving minds" versus "moving atoms".

3. Design and production

The relationship between design and production is one of planning and executing. In theory, the

plan should anticipate and compensate for potential problems in the execution process. Design

involves problem-solving and creativity. In contrast, production involves a routine or pre-

planned process. A design may also be a mere plan that does not include a production or

engineering process, although a working knowledge of such processes is usually expected of

designers. In some cases, it may be unnecessary and/or impractical to expect a designer with a

broad multidisciplinary knowledge required for such designs to also have a detailed knowledge

of how to produce the product.
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Design and production are intertwined in many creative professional careers, meaning problem-

solving is part of execution and the reverse. As the cost of rearrangement increases, the need for

separating design from production increases as well. For example, a high-budget project, such as

a skyscraper, requires separating (design) architecture from (production) construction. A Low-

budget project, such as a locally printed office party invitation flyer, can be rearranged and

printed dozens of times at the low cost of a few sheets of paper, a few drops of ink, and less than

one hour's pay of a desktop publisher.

This is not to say that production never involves problem-solving or creativity, nor that design

always involves creativity. Designs are rarely perfect and are sometimes repetitive. The

imperfection of a design may task a production position (e.g. production artist, construction

worker) with utilizing creativity or problem-solving skills to compensate for what was

overlooked in the design process. Likewise, a design may be a simple repetition (copy) of a

known preexisting solution, requiring minimal, if any, creativity or problem-solving skills from

the designer.

4. Process design

"Process design" (in contrast to "design process") refers to the planning of routine steps of a

process aside from the expected result. Processes (in general) are treated as a product of design,

not the method of design. The term originated with the industrial designing of chemical

processes. With the increasing complexities of the information age, consultants and executives

have found the term useful to describe the design of business processes as well as manufacturing

processes.

5. Drafting

Drafting or technical drawing is the means by which mechanical engineers create instructions for

manufacturing parts. A technical drawing can be a computer model or hand-drawn schematic

showing all the dimensions necessary to manufacture a part, as well as assembly notes, a list of

required materials, and other pertinent information. A U.S. mechanical engineer or skilled

worker who creates technical drawings may be referred to as a drafter or draftsman. Drafting has
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historically been a two-dimensional process, but computer-aided design (CAD) programs now

allow the designer to create in three dimensions.

Instructions for manufacturing a part must be fed to the necessary machinery, either manually,

through programmed instructions, or through the use of a computer-aided manufacturing (CAM)

or combined CAD/CAM program. Optionally, an engineer may also manually manufacture a

part using the technical drawings, but this is becoming an increasing rarity, with the advent of

computer numerically controlled (CNC) manufacturing. Engineers primarily manually

manufacture parts in the areas of applied spray coatings, finishes, and other processes that cannot

economically or practically be done by a machine.

Drafting is used in nearly every subdiscipline of mechanical engineering, and by many other

branches of engineering and architecture. Three-dimensional models created using CAD

software are also commonly used in finite element analysis (FEA) and computational fluid

dynamics (CFD).

6. Finite Element Analysis

This field is not new, as the basis of Finite Element Analysis (FEA) or Finite Element Method

(FEM) dates back to 1941. But evolution of computers has made FEM a viable option for

analysis of structural problems. Many commercial codes such as ANSYS, Nastran and ABAQUS

are widely used in industry for research and design of components.

Other techniques such as Finite Difference Method (FDM) and Finite Volume Method (FVM)

are employed to solve problems relating heat and mass transfer, fluid flows, fluid surface

interaction etc.

Topic : Materials

Topic Objective:

At the end of this topic student would be able to:

 Learn the concept of Material Science

 Learn the concept of Materials in industry
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Definition/Overview:

Material: Materials are substances or components with certain physical properties which are

used as inputs to production or manufacturing. Basically materials are the pieces required to

make something else. From buildings and art to stars and computers. A material can be anything:

a finished product in its own right or an unprocessed raw material. Raw materials are first

extracted or harvested from the earth and divided into a form that can be easily transported and

stored, then processed to produce semi-finished materials. These can be input into a new cycle of

production and finishing processes to create finished materials, ready for distribution,

construction, and consumption. An example of a raw material is cotton, which is harvested from

plants, and can then be processed into thread (also considered a raw material), which can then be

woven into cloth, a semi-finished material. Cutting and sewing the fabric turns it into a garment,

which is a finished material. Steelmaking is another exampleraw materials in the form of ore are

mined, refined and processed into steel, a semi-finished material. Steel is then used as an input in

many other industries to make finished products.

Key Points:

1. Material Science

Materials science or materials engineering is an interdisciplinary field involving the properties of

matter and its applications to various areas of science and engineering. This science investigates

the relationship between the structure of materials at atomic or molecular scales and their

macroscopic properties. It includes elements of applied physics and chemistry, as well as

chemical, mechanical, civil and electrical engineering. With significant media attention focused

on nanoscience and nanotechnology in recent years, materials science has been propelled to the

forefront at many universities. It is also an important part of forensic engineering and failure

analysis.
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2. Fundamentals of materials science

In materials science, rather than haphazardly looking for and discovering materials and

exploiting their properties, the aim is instead to understand materials so that new materials with

the desired properties can be created. The basis of materials science involves relating the desired

properties and relative performance of a material in a certain application to the structure of the

atoms and phases in that material through characterization. The major determinants of the

structure of a material and thus of its properties are its constituent chemical elements and the way

in which it has been processed into its final form. These characteristics, taken together and

related through the laws of thermodynamics, govern a materials microstructure, and thus its

properties.

The manufacture of a perfect crystal of a material is currently physically impossible. Instead

materials scientists manipulate the defects in crystalline materials such as precipitates, grain

boundaries (Hall-Petch relationship), interstitial atoms, vacancies or substitutional atoms, to

create materials with the desired properties.

Not all materials have a regular crystal structure. Polymers display varying degrees of

crystallinity, and many are completely non-crystalline. Glasses, some ceramics, and many

natural materials are amorphous, not possessing any long-range order in their atomic

arrangements. The study of polymers combines elements of chemical and statistical

thermodynamics to give thermodynamic, as well as mechanical, descriptions of physical

properties.

In addition to industrial interest, materials science has gradually developed into a field which

provides tests for condensed matter or solid state theories. New physics emerge because of the

diverse new material properties which need to be explained.

3. Materials in industry

Radical materials advances can drive the creation of new products or even new industries, but

stable industries also employ materials scientists to make incremental improvements and

troubleshoot issues with currently used materials. Industrial applications of materials science

include materials design, cost-benefit tradeoffs in industrial production of materials, processing

techniques (casting, rolling, welding, ion implantation, crystal growth, thin-film deposition,
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sintering, glassblowing, etc.), and analytical techniques (characterization techniques such as

electron microscopy, x-ray diffraction, calorimetry, nuclear microscopy (HEFIB), Rutherford

backscattering, neutron diffraction,small-angle X-ray scattering (SAXS), etc.).

Besides material characterisation, the material scientist/engineer also deals with the extraction of

materials and their conversion into useful forms. Thus ingot casting, foundry techniques, blast

furnace extraction, and electrolytic extraction are all part of the required knowledge of a

metallurgist/engineer. Often the presence, absence or variation of minute quantities of secondary

elements and compounds in a bulk material will have a great impact on the final properties of the

materials produced, for instance, steels are classified based on 1/10th and 1/100 weight

percentages of the carbon and other alloying elements they contain. Thus, the extraction and

purification techniques employed in the extraction of iron in the blast furnace will have an

impact of the quality of steel that may be produced.

The overlap between physics and materials science has led to the offshoot field of materials

physics, which is concerned with the physical properties of materials. The approach is generally

more macroscopic and applied than in condensed matter physics. See important publications in

materials physics for more details on this field of study.

The study of metal alloys is a significant part of materials science. Of all the metallic alloys in

use today, the alloys of iron (steel, stainless steel, cast iron, tool steel, alloy steels) make up the

largest proportion both by quantity and commercial value. Iron alloyed with various proportions

of carbon gives low, mid and high carbon steels. For the steels, the hardness and tensile strength

of the steel is directly related to the amount of carbon present, with increasing carbon levels also

leading to lower ductility and toughness. The addition of silicon and graphitization will produce

cast irons (although some cast irons are made precisely with no graphitization). The addition of

chromium, nickel and molybdenum to carbon steels (more than 10%) gives us stainless steels.

Other significant metallic alloys are those of aluminium, titanium, copper and magnesium.

Copper alloys have been known for a long time (since the Bronze Age), while the alloys of the

other three metals have been relatively recently developed. Due to the chemical reactivity of

these metals, the electrolytic extraction processes required were only developed relatively

recently. The alloys of aluminium, titanium and magnesium are also known and valued for their

high strength-to-weight ratios and, in the case of magnesium, their ability to provide

electromagnetic shielding. These materials are ideal for situations where high strength-to-weight
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ratios are more important than bulk cost, such as in the aerospace industry and certain

automotive engineering applications.

Other than metals, polymers and ceramics are also an important part of materials science.

Polymers are the raw materials (the resins) used to make what we commonly call plastics.

Plastics are really the final product, created after one or more polymers or additives have been

added to a resin during processing, which is then shaped into a final form. Polymers which have

been around, and which are in current widespread use, include polyethylene, polypropylene,

PVC, polystyrene, nylons, polyesters, acrylics, polyurethanes, and polycarbonates. Plastics are

generally classified as "commodity", "specialty" and "engineering" plastics.

PVC (polyvinyl-chloride) is widely used, inexpensive, and annual production quantities are

large. It lends itself to an incredible array of applications, from artificial leather to electrical

insulation and cabling, packaging and containers. Its fabrication and processing are simple and

well-established. The versatility of PVC is due to the wide range of plasticisers and other

additives that it accepts. The term "additives" in polymer science refers to the chemicals and

compounds added to the polymer base to modify its material properties.

Polycarbonate would be normally considered an engineering plastic (other examples include

PEEK, ABS). Engineering plastics are valued for their superior strengths and other special

material properties. They are usually not used for disposable applications, unlike commodity

plastics.

Specialty plastics are materials with unique characteristics, such as ultra-high strength, electrical

conductivity, electro-fluorescence, high thermal stability, etc.

It should be noted here that the dividing line between the various types of plastics is not based on

material but rather on their properties and applications. For instance, polyethylene (PE) is a

cheap, low friction polymer commonly used to make disposable shopping bags and trash bags,

and is considered a commodity plastic, whereas Medium-Density Polyethylene MDPE is used

for underground gas and water pipes, and another variety called Ultra-high Molecular Weight

Polyethylene UHMWPE is an engineering plastic which is used extensively as the glide rails for

industrial equipment and the low-friction socket in implanted hip joints.

Another application of material science in industry is the making of composite materials.

Composite materials are structured materials composed of two or more macroscopic phases. An

example would be steel-reinforced concrete; another can be seen in the "plastic" casings of
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television sets, cell-phones and so on. These plastic casings are usually a composite material

made up of a thermoplastic matrix such as acrylonitrile-butadiene-styrene (ABS) in which

calcium carbonate chalk, talc, glass fibres or carbon fibres have been added for added strength,

bulk, or electro-static dispersion. These additions may be referred to as reinforcing fibres, or

dispersants, depending on their purpose.

Topic : Load And Stress Analysis

Topic Objective:

At the end of this topic student would be able to:

 Learn the concept of Load and Stress Analysis

 Learn the concept of Stress as a tensor

 Learn the concept of Cauchy's stress principle

 Learn the concept of Stress Analysis

 Learn the concept of Load transfer

 Learn the concept of Normal and shear stresses

Definition/Overview:

Stress: In continuum mechanics, stress is a measure of the average amount of force exerted per

unit area. It is a measure of the intensity of the total internal forces acting within a body across

imaginary internal surfaces, as a reaction to external applied forces and body forces. It was

introduced into the theory of elasticity by Cauchy around 1822. Stress is a concept that is based

on the concept of continuum. In general, stress is expressed as
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where

is the average stress, also called engineering or nominal stress, and

is the force acting over the area

Key Points:

1. Stress as a tensor

In its full form, linear stress is a rank-two tensor quantity, and may be represented as a 3x3

matrix. A tensor may be seen as a linear vector operator - it takes a given vector and produces

another vector as a result. In the case of the stress tensor , it takes the vector normal to any

area element and yields the force (or "traction") acting on that area element. In matrix notation:

where are the components of the vector normal to a surface area element with a length equal

to the area of the surface element, and are the components of the force vector (or traction

vector) acting on that element. Using index notation, we can eliminate the summation sign, since

all sums will be the same over repeated indices. Thus:

Just as it is the case with a vector (which is actually a rank-one tensor), the matrix components of

a tensor depend upon the particular coordinate system chosen. As with a vector, there are certain

invariants associated with the stress tensor, whose value does not depend upon the coordinate
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system chosen (or the area element upon which the stress tensor operates). For a vector, there is

only one invariant - the length. For a tensor, there are three - the eigenvalues of the stress tensor,

which are called the principal stresses. It is important to note that the only physically significant

parameters of the stress tensor are its invariants, since they are not dependent upon the choice of

the coordinate system used to describe the tensor.

If we choose a particular surface area element, we may divide the force vector by the area (stress

vector) and decompose it into two parts: a normal component acting normal to the stressed

surface, and a shear component, acting parallel to the stressed surface. An axial stress is a normal

stress produced when a force acts parallel to the major axis of a body, e.g. column. If the forces

pull the body producing an elongation, the axial stress is termed tensile stress. If on the other

hand the forces push the body reducing its length, the axial stress is termed compressive stress.

Bending stresses, e.g. produced on a bent beam, are a combination of tensile and compressive

stresses. Torsional stresses, e.g. produced on twisted shafts, are shearing stresses.

In the above description, little distinction is drawn between the "stress" and the "stress vector"

since the body which is being stressed provides a particular coordinate system in which to

discuss the effects of the stress. The distinction between "normal" and "shear" stresses is slightly

different when considered independently of any coordinate system. The stress tensor yields a

stress vector for a surface area element at any orientation, and this stress vector may be

decomposed into normal and shear components. The normal part of the stress vector averaged

over all orientations of the surface element yields an invariant value, and is known as the

hydrostatic pressure. Mathematically it is equal to the average value of the principal stresses (or,

equivalently, the trace of the stress tensor divided by three). The normal stress tensor is then the

product of the hydrostatic pressure and the unit tensor. Subtracting the normal stress tensor from

the stress tensor gives what may be called the shear tensor. These two quantities are true tensors

with physical significance, and their nature is independent of any coordinate system chosen to

describe them. In fact, the extended Hooke's law is basically the statement that each of these two

tensors is proportional to its strain tensor counterpart, and the two constants of proportionality

(elastic moduli) are independent of each other. Note that In rheology, the normal stress tensor is

called extensional stress, and in acoustics is called longitudinal stress.
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Solids, liquids and gases have stress fields. Static fluids support normal stress but will flow under

shear stress. Moving viscous fluids can support shear stress (dynamic pressure). Solids can

support both shear and normal stress, with ductile materials failing under shear and brittle

materials failing under normal stress. All materials have temperature dependent variations in

stress related properties, and non-newtonian materials have rate-dependent variations.

2. Cauchy's stress principle

Cauchy's stress principle asserts that when a continuum body is acted on by forces (i.e., surface

forces and body forces) there are internal reactions (forces) throughout the body acting between

the material points. Based on this principle, Cauchy demonstrated that the state of stress at a

point in a body is completely defined by the nine components of a second-order Cartesian

tensor called the Cauchy stress tensor, given by

where

, , and are the stress vectors associated with the planes perpendicular to the

coordinate axes,

, , and are normal stresses, and

, , , , , and are shear stresses. The first index indicates that the stress acts

on a plane normal to the axis, and the second index denotes the direction in which the stress

acts. A stress component is positive if it acts in the positive direction of the coordinate axes, and

if the plane where it acts has an outward normal vector pointing in the positive coordinate

direction.
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The Voigt notation representation of the Cauchy stress tensor takes advantage of the symmetry

of the stress tensor to express the stress as a 6-dimensional vector of the form

The Voigt notation is used extensively in representing stress-strain relations in solid mechanics

and for computational efficiency in numerical structural mechanics software.

3. Stress Analysis

Stress analysis is an engineering discipline that determines the stress in materials and structures

subjected to static or dynamic forces or loads (see statics and dynamics) (alternately, in linear

elastic systems, strain can be used in place of stress).

The aim of the analysis is usually to determine whether the element or collection of elements,

usually referred to as a structure, can safely withstand the specified forces. This is achieved when

the determined stress from the applied force(s) is less than the ultimate tensile strength, ultimate

compressive strength or fatigue strength the material is known to be able to withstand, though

ordinarily a factor of safety is applied in design.

The factor of safety is a design requirement for the structure based on the uncertainty in loads,

material strength (yield and ultimate), and consequences of failure. Often a separate factor of

safety is applied to the yield strength and to the ultimate strength. The factor of safety on yield

strength is to prevent detrimental deformations and the factor of safety on ultimate strength is to

prevent collapse. The factor of safety is used to calculate a maximum allowable stress.

Factor of Safety = Ultimate Tensile Strength/Maximum allowable stress
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When performing stress analysis, a factor of safety is calculated to compare with the required

factor of safety. The factor of safety is a design requirement given to the stress analyst. The

Analyst calculates the design factor. Margin of safety is another way to express the design factor.

Design Factor = Ultimate Tensile Strength / Maximum Calculated Tensile Stress

A key part of analysis involves determining the type of loads acting on a structure, including

tension, compression, shear, torsion, bending, or combinations of such loads.

Sometimes the term stress analysis is applied to mathematical or computational methods applied

to structures that do not yet exist, such as a proposed aerodynamic structure, or to large structures

such as a building, a machine, a reactor vessel or a piping system.

A stress analysis can also be made by actually applying the force(s) to an existing element or

structure and then determining the resulting stress using sensors, but in this case the process

would more properly be known as testing (destructive or non-destructive). In this case special

equipment, such as a wind tunnel, or various hydraulic mechanisms, or simply weights are used

to apply the static or dynamic loading.

When forces are applied, or expected to be applied, repeatedly, nearly all materials will rupture

or fail at a lower stress than they would otherwise. The analysis to determine stresses under these

cyclic loading conditions is termed fatigue analysis and is most often applied to aerodynamic

structural system

4. Load transfer

The evaluation of loads and stresses within structures is directed to finding the load transfer path.

Loads will be transferred by physical contact between the various component parts and within

structures. The load transfer may be identified visually, or by simple logic for simple structures.

For more complex structures, more complex methods such as theoretical solid mechanics or by

numerical methods may be required. Numerical methods include direct stiffness method which is

also referred to as the finite element method.
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The object is to determine the critical stresses in each part, and compare them to the strength of

the material (see strength of materials).

For parts that have broken in service, a forensic engineering or failure analysis is performed to

identify weakness, where broken parts are analysed for the cause or causes of failure. The

method seeks to identify the weakest component in the load path. If this is the part which

actually failed, then it may corroborate independent evidence of the failure. If not, then another

explanation has to be sought, such as a defective part with a lower tensile strength than it should

for example.

5. Normal and shear stresses

The magnitude of the normal stress component, , of any stress vector acting on an

arbitrary plane with normal vector at a given point in terms of the component of the stress

tensor is the dot product of the stress vector and the normal vector, thus

The magnitude of the shear stress component, , acting in the plane formed by the two vectors

and , can then be found using the Pythagorean theorem, thus

6. Principal stresses and stress invariants

The components of the stress tensor depend on the orientation of the coordinate system at the

point under consideration. However, the stress tensor itself is a physical quantity and as such, it

is independent of the coordinate system chosen to represent it. There are certain invariants
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associated with every tensor which are also independent of the coordinate system. For example, a

vector is a simple tensor of rank one. In three dimensions, it has three components. The value of

these components will depend on the coordinate system chosen to represent the vector, but the

length of the vector is a physical quantity (a scalar) and is independent of the coordinate system

chosen to represent the vector. Similarly, every second rank tensor (such as the stress and the

strain tensors) has three independent invariant quantities associated with it. One set of such

invariants are the principal stresses of the stress tensor, which are just the eigenvalues of the

stress tensor. Their direction vectors are the principal directions or eigenvectors. When the

coordinate system is chosen to coincide with the eigenvectors of the stress tensor, the stress

tensor is represented by a diagonal matrix:

where , , and , are the principal stresses. These principal stresses may be combined to

form three other commonly used invariants, , , and , which are the first, second and third

stress invariants, respectively. The first and third invariant are the trace and determinant

respectively, of the stress tensor. Thus, we have

Because of its simplicity, working and thinking in the principal coordinate system is often very

useful when considering the state of the elastic medium at a particular point.
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Topic : Deflection And Stiffness

Topic Objective:

At the end of this topic student would be able to:

 Learn the concept of Deflection and Stiffness

 Learn the concept of Stiffness Formula

 Learn the concept of Rotational stiffness

 Learn the concept of Relationship to elasticity

 Learn the concept of Elastic Deflection

Definition/Overview:

Stiffness: Stiffness is the resistance of an elastic body to deformation by an applied force. It is an

extensive material property.

Deflection: In engineering mechanics, deflection is a term that is used to describe the degree to

which a structural element is displaced under a load. The deflection of a member under a load is

directly related to the slope of the deflected shape of the member under that load and can be

calculated by integrating the function that mathematically describes the slope of the member

under that load. Deflection can be calculated by standard formulae (will only give the deflection

of common beam configurations and load cases at discrete locations), or by methods such as

"virtual work", "direct integration", "Castigliano's method", "Macaulay's method" or the "direct

stiffness method" amongst others.
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Key Points:

1. Stiffness Formula

The stiffness, k, of a body is a measure of the resistance offered by an elastic body to

deformation (bending, stretching or compression).

where

P is a steady force applied on the body

δ is the displacement produced by the force (for instance, the deflection of a beam, or the change

in length of a stretched spring)

In the International System of Units, stiffness is typically measured in newtons per metre.

As both the applied force and displacement are vectors (respectively P and δ), in general their

relationship is characterised by a stiffness matrix, k, where:

The displacement can, in general, refer to a point distinct from that where the force is applied

and a complicated structure will not deflect purely in the same direction as an applied force. The

stiffness matrix enables such systems to be characterised in straightforward terms.

The inverse of stiffness is compliance, typically measured in units of metres per newton. In

rheology it may be defined as the ratio of strain to stress , and so take the units of reciprocal

stress, e.g. 1/Pa.
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2. Rotational stiffness

A body may also have a rotational stiffness, k, given by

where

M is the applied moment

θ is the rotation

In the SI system, rotational stiffness is typically measured in newton-metres per radian.

In the SAE system, rotational stiffness is typically measured in inch-pounds per degree.

Further measures of stiffness are derived on a similar basis, including:

 shear stiffness - ratio of applied shear force to shear deformation

 torsional stiffness - ratio of applied torsion moment to angle of twist

3. Relationship to elasticity

In general, elastic modulus is not the same as stiffness. Elastic modulus is a property of the

constituent material; stiffness is a property of a solid body. That is, the modulus is an intensive

property of the material; stiffness, on the other hand, is an extensive property of the solid body

dependent on the material and the shape and boundary conditions. For example, for an element

in tension or compression, the axial stiffness is
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where

A is the cross-sectional area,

E is the (tensile) elastic modulus (or Young's modulus),

L is the length of the element.

For the special case of unconstrained uniaxial tension or compression, Young's modulus can be

thought of as a measure of the stiffness of a material.

4. Elastic Deflection

The elastic deflection f and angle of deflection φ (in radians) in the example image, a

(weightless) cantilever beam, can be calculated (at the free end) using :

fB = FL3 / (3EI)

φB = FL2 / (2EI)

where

F = force acting on the tip of the beam

L = length of the beam (span)

E = modulus of elasticity

I = area moment of inertia

The deflection at any point along the span can be calculated using the above-mentioned methods.

From this formula it follows that the span L is the most determinating factor; if the span doubles,

the deflection increases 2 = 8 fold.
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Building codes determine the maximum deflection, usually as a fraction of the span e.g. 1/400 or

1/600. Either the strength limit state (allowable stress) or the serviceability limit state (deflection

considerations amongst others) may govern the minimum dimensions of the member required.

The deflection must be considered for the purpose of the structure. When designing a steel frame

to hold a glazed panel, one allows only minimal deflection to prevent fracture of the glass.

The deflective shape of a beam can be represented by the moment diagram, integrated.

In Section 2 of this course you will cover these topics:
Failures Resulting From Static Loading

Failure Resulting From Variable Loading

Shafts And Axles

Screws, Fasteners, And The Design Of Nonpermanent Joints

Topic : Failures Resulting From Static Loading

Topic Objective:

At the end of this topic student would be able to:

 Learn the concept of Failures Resulting from Static Loading

 Learn the concept of Voice circuits

 Learn the concept of DSL

 Learn the concept of Carrier systems

 Learn the concept of Radio antennae

 Learn the concept of Campbell equation
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Definition/Overview:

When force is applied to a core, but a crack does not initiate, the core deflects or bends. This

deflection cannot be seen with the naked eye, but it does occur. When the force is removed, the

core returns to its un-deflected shape. If the force is removed instantly, the core will vibrate just

like a tuning fork and, just like a tuning fork, its vibration will dampen out and assume its un-

deflected position. Additionally, each core has its own frequency and that frequency depends on

its material and shape. If the force is applied to the core slowly, as is the case with pressure, and

then instantly removed, the direction of the motion of the core is opposite the force and toward

its un-deflected shape. This core behavior is caused by static loading.

Key Points:

1. Voice circuits

A common application of loading coils is to improve the voice-frequency amplitude response

characteristics of the twisted balanced pairs in a telephone cable.

Loading coils inserted periodically in series with a pair of wires reduce the attenuation at the

higher voice frequencies up to the cutoff frequency of the low-pass filter formed by the

inductance of the coils (plus the distributed inductance of the wires) and the distributed

capacitance between the wires. Above the cutoff frequency, attenuation increases rapidly. The

shorter the interval between the coils, the higher the cut-off frequency.

It should be emphasised that the cutoff effect is an artifact of using lumped inductors. With

loading methods using continuous distributed inductance there is no cutoff.

Without loading coils, the line response is dominated by the resistance and capacitance of the

line with the attenuation gently increasing with frequency. With loading coils of exactly the right

inductance, neither capacitance nor inductance dominate: the response is flat, waveforms are
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undistorted and the characteristic impedance is resistive up to the cutoff frequency. The

coincidental formation of an audio frequency filter is also beneficial in that noise is reduced.

2. DSL

When loading coils are in place, signal attenuation remains low for signals within the passband

of the transmission line but increases rapidly for frequencies above the audio cutoff frequency.

Thus, if the pair is subsequently reused to support applications that require higher frequencies

(such as analog or digital carrier systems or DSL), any loading coils that were present on the line

must be removed or replaced with one which is transparent to DSL. Using coils with parallel

capacitors will form a filter with the topology of an m-derived filter and a band of frequencies

above the cut-off will also be passed.

If they are not removed, as when the subscriber is an extended distance (eg over 4 miles) from

the Central Office, DSL can not be supported. This sometimes happens in dense, growing areas

(subject to frequent national numbering scheme repartitioning) such as Southern California in the

late 1990s and early 20th century.

3. Carrier systems

American early and middle 20th Century telephone cables had load coils at intervals of a mile

(1.61 km), usually in coil cases holding many. The coils must be removed to pass high

frequencies, but the coil cases provided convenient places for repeaters for digital T-carrier

systems, which could carry 1.5 Mbit/s across that distance. Due to narrower streets and higher

cost of copper, European cables had thinner wires and needed closer intervals. Intervals of a

kilometer allowed European systems to carry 2 Mbit/s.
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4. Radio antennae

A (mobile) radio antenna, shorter than a quarter wavelength for practical reasons, presents

capacitive reactance to a transmission line. This can be canceled by inserting an equal and

opposite (inductive) reactance in series, by means of a loading coil typically at the base or center

of the antenna. Consequently the antenna presents a resistance (desirable) to the transmission

line.

5. Campbell equation

The Campbell equation is a relationship due to George Ashley Campbell for predicting the

propagation constant of a loaded line. It is stated as;

where,

is the propogation constant of the unloaded line

is the propogation constant of the loaded line

is the interval between coils on the loaded line

is the impedance of a loading coil and

is the characteristic impedance of the unloaded line.

A more engineer friendly rule of thumb is that the approximate requirement for spacing loading

coils is ten coils per wavelength of the maximum frequency being transmitted. This

approximation can be arrived at by treating the loaded line as a constant k filter and applying

image filter theory to it. From basic image filter theory the angular cutoff frequency and the

characteristic impedance of a low-pass constant k filter are given by;
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and,

where and are the half section element values.

From these basic equations the necessary loading coil inductance and coil spacing can be found;

and,

where C is the capacitance per unit length of the line.

Expressing this in terms of number of coils per cutoff wavelength yields;

where v is the velocity of propagation of the cable in question.

6. Oliver Heaviside

The origin of the loading coil can be found in the work of Oliver Heaviside on the theory of

transmission lines. Heaviside (1881) represented the line as a network of infinitesimally small

circuit elements. By applying his operational calculus to the analysis of this network he

discovered (1887) what has become known as the Heaviside condition. This is the condition that

must be fulfilled in order for a transmission down a line to be free from distortion. The Heaviside

condition is that the line series impedance, Z, must be proportional to the line shunt admittance,

Y, at all frequencies. In terms of the primary line coefficients this is the condition;
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where;

R is the series resistance of the line per unit length

L is the series self-inductance of the line per unit length

G is the shunt leakage conductance of the line insulator per unit length

C is the shunt capacitance between the line conductors per unit length

Heaviside was aware that this condition was not met in the practical telegraph cables in use in his

day. In general, a real cable would have,

This is mainly due to the low value of leakage through the cable insulator, which is even more

pronounced in modern cables which have better insulators than in Heaviside's day. In order to

meet the condition, the choices are therefore to try and increase G or L or to decrease R or C.

Decreasing R requires larger conductors. Copper was already in use in telegraph cables and this

is the very best conductor available short of using precious metals. Decreasing R means using

more copper and a more expensive cable. Decreasing C would also mean a larger cable (although

not necessarily more copper). Increasing G is highly undesirable, while it would reduce

distortion, it would at the same time increase the signal loss. Heaviside considered, but rejected,

this possibility which left him with the strategy of increasing L as the way to reduce distortion.

Heaviside immediately (1887) proposed several methods of increasing the inductance, including

spacing the conductors further apart and loading the insulator with iron dust. Finally, Heaviside

made the proposal (1893) to use discrete inductors at intervals along the line. However, he never

succeeded in persuading the British GPO to take up the idea. Brittain attributes this to

Heaviside's failure to provide engineering details on the size and spacing of the coils for
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particular cable parameters. Heaviside's eccentric character and setting himself apart from the

establishment may also have played a part in their ignoring of him.

Topic : Failure Resulting From Variable Loading

Topic Objective:

At the end of this topic student would be able to:

 Learn the concept of Failure Resulting from Variable Loading

 Learn about Calculation

 Learn the concept of loading kernels for OPC modeling

Definition/Overview:

The load on a power station varies from time to time due to uncertain demands of consumers.

Energy demand of one consumer at any given time is distinct/differs from the energy demand of

another consumer. This results in the total demand on the power station to vary over a given

period of time and may necesitate the following:

 Additional equipment/Generating units to meet demand

 Increase in production cost to recuperate use of more material/equipment
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Key Points:

1. Calculation

The Lorenz curve can often be represented by a function L(F), where F is represented by the

horizontal axis, and L is represented by the vertical axis.

For a population of size n, with a sequence of values yi, i = 1 to n, that are indexed in non-

decreasing order ( yi ≤ yi+1), the Lorenz curve is the continuous piecewise linear function

connecting the points ( Fi , Li ), i = 0 to n, where F0 = 0, L0 = 0, and for i = 1 to n:

For a discrete probability function f(y), let yi, i = 1 to n, be the points with non-zero probabilities

indexed in increasing order ( yi < yi+1). The Lorenz curve is the continuous piecewise linear

function connecting the points ( Fi , Li ), i = 0 to n, where F0 = 0, L0 = 0, and for i = 1 to n:

For a probability density function f(x) with the cumulative distribution function F(x), the Lorenz

curve L(F(x)) is given by:

For a cumulative distribution function F(x) with inverse x(F), the Lorenz curve L(F) is given by:
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The inverse x(F) may not exist because the cumulative distribution function has jump

discontinuities or intervals of constant values. However, the previous formula can still apply by

generalizing the definition of x(F):

x(F1) = inf {y : F(y) ≥ F1}

2. Variable loading kernels for OPC modeling

The low k1-factor challenge in current photolithography has made OPC (Optical Proximity

Correction) indispensable for critical patterning layers, and more efforts are needed in the

development and calibration of OPC model. One of the key factors that affect the accuracy of

wafer result is the accuracy of OPC model, and usually, only a few nanometers' fitting residual

of OPC model is tolerable. So, several methods have been reported for improving the accuracy

of OPC modeling, but the model fitting becomes more complex as the increase of fitting

parameters accordingly. In this paper, the variable loading kernel to manipulate the behavior of

OPC modeling was reported. The variable load kernel can be modified by space domain, and it

also can be the combination of many load kernels, such as Kload= a1*Kload1 + a2*Kload2 +

...... + an*Kloadn. By combining of different variable load kernels, the resultant load kernel can

be more flexible to manage the model behavior in different line widths and pitches. In the

example of OPC fitting residuals of linearity patterns, it is obvious that the different models with

different loading kernels yielded different residuals. The use of variable loading kernel achieves

the satisfied small residuals for both small and large patterns simultaneously. Accordingly, easier

OPC modeling with smaller fitting residual is anticipated by variable load kernel method.

www.bsscommunitycollege.in   www.bssnewgeneration.in  www.bsslifeskillscollege.in

30
www.onlineeducation.bharatsevaksamaj.net        www.bssskillmission.in

WWW.BSSVE.IN



Topic : Shafts And Axles

Topic Objective:

At the end of this topic student would be able to:

 Learn the concept of Shafts and Axles

 Learn the concept of Off-shaft access

 Learn the concept of Surface facilities

 Learn the concept of Shaft lining

 Learn the concept of Shaft compartments

 Learn the concept of Structural features of Axle

Definition/Overview:

Shaft: Shaft mining or Shaft sinking refers to the method of excavating a vertical or near-vertical

tunnel from the top down, where there is initially no access to the bottom. When the top of the

excavation is the ground surface, it is referred to as a shaft, when the top of the excavation is

underground, it is called a winze.

Axle: An axle is a central shaft for a rotating wheel or gear. In some cases the axle may be fixed

in position with a bearing or bushing sitting inside the hole in the wheel or gear to allow the

wheel or gear to rotate around the axle. In other cases the wheel or gear may be fixed to the axle,

with bearings or bushings provided at the mounting points where the axle is supported.

Sometimes, especially on bicycles, the latter type is referred to as a spindle.
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Key Points:

1. Off-shaft access

The mine shaft is used to access to an underground mining facility. Horizontal workings off the

shaft are called drifts, galleries or levels. These extend from the central shaft towards the ore

body. The point of contact between these levels and the shaft itself is known as the inset, shaft

station or plat.

2. Surface facilities

On the surface above the shaft stands a building known as the headframe (or winding tower,

poppet head or pit head). Depending on the type of hoist used the top of the headframe will

either house a hoist motor or a sheave wheel (with the hoist motor mounted on the ground). The

headframe will also contain bins for storing ore being transferred to the processing facility. If the

shaft is used for mine ventilaton a plenum or casing, is incorporated into the headframe to ensure

the proper flow of air into and out of the mine.

3. Shaft lining

In North and South America, smaller shafts are designed to be rectangular with timber supports.

Larger shafts are round and are concrete lined.

4. Shaft compartments

A mine shaft is frequently split into multiple compartments. The largest compartment is typically

used for the cage, a conveyance used for moving workers and supplies below the surface. It

functions in a similar manner to an elevator. The second compartment is used for one or more

skips, used to hoist ore to the surface. Smaller mining operations use a skip mounted underneath
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the cage, rather than a separate device, while some large mines have separate shafts for the cage

and skips. The third compartment is used for an emergency exit; it may house an auxiliary cage

or a system of ladders. An additional compartment houses mine services such as high voltage

cables and pipes for transfer of water, compressed air or diesel fuel.

A second reason to divide the shaft is for ventilation. One or more of the compartments

discussed above may be used for air intake, while others may be used for exhaust.

5. Structural features of Axle

A straight axle is a single rigid shaft connecting a wheel on the left side of the vehicle to a wheel

on the right side. The axis of rotation fixed by the axle is common to both wheels. Such a design

can keep the wheel positions steady under heavy stress, and can therefore support heavy loads.

Straight axles are used on trains, for the rear axles of commercial trucks, and on heavy duty off-

road vehicles. The axle can be protected and further reinforced by enclosing the length of the

axle in a housing.

In split-axle designs, the wheel on each side is attached to a separate shaft. Modern passenger

cars have split drive axles. In some designs, this allows independent suspension of the left and

right wheels, and therefore a smoother ride. Even when the suspension is not independent, split

axles permit the use of a differential, allowing the left and right drive wheels to be driven at

different speeds as the automobile turns, improving traction and extending tire life.

A tandem axle is a group of two or more axles situated close together. Trucks designs will use

such a configuration to provide a greater weight capacity than a single axle. Semi trailers usually

have a tandem axle at the rear.
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6. Dead axles/lazy axles

A dead axle, also called lazy axle, is not part of the drivetrain but is instead free-rotating. The

rear axle of a front-wheel drive car may be considered a dead axle. Many trucks and trailers use

dead axles for strictly load-bearing purposes. A dead axle located immediately in front of a drive

axle is called a pusher axle. A tag axle is a dead axle situated behind a drive axle.

Some dump trucks and trailers are configured with airlift axles, which may be mechanically

raised or lowered. The axle is lowered to increase the weight capacity, or to distribute the weight

of the cargo over more wheels, for example to cross a weight restricted bridge. When not needed,

the axle is lifted off the ground, to save wear on the tires and axle and increase traction in the

remaining wheels. Lifting an axle also makes the vehicle perform better on tighter turns.

Several manufacturers offer computer-controlled airlift, so that the dead axles are automatically

lowered when the main axle reaches its weight limit. The axles can still be lifted by the press of a

button if needed.

Topic : Screws, Fasteners, And The Design Of Nonpermanent Joints

Topic Objective:

At the end of this topic student would be able to:

 Learn the concept of Screws,

 Learn the concept of Screws and bolts

 Learn the concept of Differentiation between bolt and screw

 Learn the concept of Mechanical analysis

 Learn the concept of Tensile strength

 Learn the concept of Mechanic of Fastener
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Definition/Overview:

Screw: A screw is a shaft with a helical groove or thread formed on its surface and provision at

one end to turn the screw. Its main uses are as a threaded fastener used to hold objects together,

and as a simple machine used to translate torque into linear force. It can also be defined as an

inclined plane wrapped around a shaft.

Fastener: A fastener is a hardware device that mechanically joins or affixes two or more objects

together.

Fasteners can also be used to close a container such as a bag, a box, or an envelope; or they may

involve keeping together the sides of an opening of flexible material, attaching a lid to a

container, etc. There are also special purpose closing devices, e.g. a bread clip. Fasteners used in

these manners are often temporary, in that they may be fastened and unfastened repeatedly.

Key Points:

1. Screws and bolts

A screw used as a threaded fastener consists of a cylindrical shaft, which in many cases tapers to

a point at one end, and with a helical ridge or thread formed on it, and a head at the other end

which can be rotated by some means. The thread is essentially an inclined plane wrapped around

the shaft. The thread mates with a complementary helix in the material. The material may be

manufactured with the mating helix using a tap, or the screw may create it when first driven in (a

self-tapping screw). The head is specially shaped to allow a screwdriver or wrench (British

English: spanner) to rotate the screw, driving it in or releasing it. The head is of larger diameter

than the body of the screw and has no thread so that the screw can not be driven deeper than the

length of the shaft, and to provide compression.
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Screws can normally be removed and reinserted without reducing their effectiveness. They have

greater holding power than nails and permit disassembly and reuse of objects.

The vast majority of screws are tightened by clockwise rotation; we speak of a right-hand thread.

Screws with left-hand threads are used in exceptional cases, when the screw is subject to

anticlockwise forces that might undo a right-hand thread. Left-hand screws are used on rotating

items such as the left-hand grinding wheel on a bench grinder or the left hand pedal on a bicycle

(both looking towards the equipment) or hub nuts on the left side of some automobiles.

Threaded fasteners were made by a cutting action such as dies provide, but recent advances in

tooling allow them to be made by rolling an unthreaded rod (the blank) between two specially

machined dies which squeeze the blank into the shape of the required fastener, including the

thread. This method has the advantages of work hardening the thread and saving material. A

rolled thread can be distinguished from a thread formed by a die as the outside diameter of the

thread is greater than the diameter of the unthreaded portion of the shaft. Bicycle spokes, which

are just bolts with long thin unthreaded portions, always use rolled threads for strength.

2. Differentiation between bolt and screw

A universally accepted distinction between a screw and a bolt (in the context of threaded

fasteners) does not exist. The Machinery's Handbook, Edition 26 describes the distinction as

follows:

Differentiation between Bolt and Screw -

A bolt is an externally threaded fastener designed for insertion through holes in assembled parts,

and is normally intended to be tightened or released by torquing a nut.

A screw is an externally threaded fastener capable of being inserted into holes in assembled

parts, of mating with a preformed internal thread or forming its own thread of being tightened or

released by torquing the head.
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An externally threaded fastener which is prevented from being turned during assembly and

which can be tightened or released only by torquing a nut is a bolt. (Example: round head bolts,

track bolts, plow bolts.)

An externally threaded fastener that has thread form which prohibits assembly with a nut having

a straight thread of multiple pitch length is a screw. (Example: wood screws, tapping screws.)

This distinction is consistent with ASME B18.2.1 and some dictionary definitions for screw and

bolt

3. Mechanical analysis

A screw or bolt is a specialized application of the inclined plane. The inclined plane, called its

thread, is helically disposed around a cylinder or shaft. That thread usually either fits into a

corresponding (negative or female) helical thread in a nut, or forms a corresponding helical cut in

surrounding softer material as it is inserted. A simple screw, such as for fastening, is typically

pointed, and thereby is commonly distinguished (in informal terminology) from a bolt or

machine screw. Common screws, and usually bolts, have a head which may be mechanically

driven or rotated, which usually serves as a stop, and may have an unthreaded shoulder portion

beneath the head.

The technical analysis (see also statics, dynamics) to determine the pitch, thread profile,

coefficient of friction (static and dynamic), and holding power of a screw or bolt is very similar

to that performed to predict wedge behavior. Wedges are discussed in the article on simple

machines.

Critical applications of screws and bolts will specify a torque that must be applied when driving

it. The main concept is to tension the bolt, and compress parts being held together, creating a

spring-like assembly. The stress thus introduced to the bolt is called a preload. When external
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forces try to separate the parts, the bolt experiences no strain unless the preload force is

exceeded.

As long as the preload is never exceeded, the bolt or nut will never come loose (assuming the full

strength of the bolt is used). If the full strength of the bolt is not used (for example, a steel bolt

threaded into aluminium, then a thread-locking adhesive or insert may be used.

If the preload is exceeded during normal use, the joint will eventually fail. The preload is

calculated as a percentage of the bolt's yield tensile strength, or the strength of the threads it goes

into, or the compressive strength of the clamped layers (plates, washers, gaskets), whichever is

least.

4. Tensile strength

Screws and bolts are usually in tension when properly fitted. In most applications they are not

designed to bear large shear forces. For example, when two overlapping metal bars joined by a

bolt are likely to be pulled apart longitudinally, the bolt must be tight enough so that the friction

between the two bars can overcome the longitudinal force. If the bars slip, then the bolt may be

sheared in half, or friction between the bolt and slipping bars may erode and weaken the bolt

(called fretting). For this type of application, high-strength steel bolts are used and should be

tightened to a specified torque.

High-strength steel bolts usually have a hexagonal head with an ISO strength rating (called

property class) stamped on the head. The property classes most often used are 5.8, 8.8, and 10.9.

The number before the point is the tensile ultimate strength in MPa divided by 100. The number

after the point is 10 times the ratio of tensile yield strength to tensile ultimate strength. For

example, a property class 5.8 bolt has a nominal (minimum) tensile ultimate strength of 500

MPa, and a tensile yield strength of 0.8 times tensile ultimate strength or 0.8(500) = 400 MPa.

Tensile ultimate strength is the stress at which the bolt fails (breaks in half). Tensile yield

strength is the stress at which the bolt will receive a permanent set (an elongation from which it
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will not recover when the force is removed) of 0.2 % offset strain. When elongating a fastener

prior to reaching the yield point, the fastener is said to be operating in the elastic region; whereas

elongation beyond the yield point is referred to as operating in the plastic region, since the

fastener has suffered permanent plastic deformation.

Mild steel bolts have property class 4.6. High-strength steel bolts have property class 8.8 or

above. An M10, property class 8.8 bolt can very safely hold a static tensile load of about 15 kN.

There is no simple method to measure the tension of a bolt already in place other than to tighten

it and identify at which point the bolt starts moving. This is known as 're-torqueing'. An

electronic torque wrench is used on the bolt under test, and the torque applied is constantly

measured. When the bolt starts moving (tightening) the torque briefly drops sharply - this drop-

off point is considered the measure of tension.

Recent developments enable bolt tensions to be estimated by using ultrasonic testing. Another

way to ensure correct bolt tension (mainly in steel erecting) involves the use of crush-washers.

These are washers that have been drilled and filled with orange RTV. When the orange rubber

strands appear, the tension is correct.

Large volume users such as auto makers frequently use computer controlled nut drivers. With

such machines the computer in effect plots a graph of the torque exerted. Once the torque ceases

to rise (the point where the bolt begins to deform) the machine stops. Such machines are often

used to fit wheelnuts and will normally tighten all the wheel nuts simultaneously.

5. Mechanic of Fastener

Some types of woodworking joints make use of separate internal reinforcements, such as dowels

or biscuits, which in a sense can be considered fasteners within the scope of the joint system,

although on their own they are not general purpose fasteners.

Furniture supplied in flat-pack form often uses cam dowels locked by cam locks, also known as

conformat fasteners.
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Items like a rope, string, wire (e.g. metal wire, possibly coated with plastic, or multiple parallel

wires kept together by a plastic strip coating), cable, chain, or plastic wrap may be used to

mechanically join objects; but are not generally categorized as fasteners because they have

additional common uses. Likewise, hinges and springs may join objects together, but are

ordinarily not considered fasteners because their primary purpose is to allow articulation rather

than rigid affixment.

Other alternative methods of joining materials include crimping, welding, soldering, brazing,

taping, gluing, cementing, or the use of other adhesives. The use of force may also be used, such

as with magnets, vacuum (like suction cups), or even friction.

In Section 3 of this course you will cover these topics:
Welding, Brazing, Bonding, And The Design Of Permanent Joints

Mechanical Springs

Rolling-Contact Bearings

Lubrication And Journal Bearings

Topic : Welding, Brazing, Bonding, And The Design Of Permanent Joints

Topic Objective:

At the end of this topic student would be able to:

 Learn the concept of Welding

 Learn the concept of Brazing

 Learn the concept of Bonding

 Learn the concept of Power supplies

 Learn the concept of Processes

 Learn the concept of Furnace brazing

www.bsscommunitycollege.in   www.bssnewgeneration.in  www.bsslifeskillscollege.in

40
www.onlineeducation.bharatsevaksamaj.net        www.bssskillmission.in

WWW.BSSVE.IN



Definition/Overview:

Welding is a fabrication or sculptural process that joins materials, usually metals or

thermoplastics, by causing coalescence. This is often done by melting the workpieces and adding

a filler material to form a pool of molten material (the weld pool) that cools to become a strong

joint, with pressure sometimes used in conjunction with heat, or by itself, to produce the weld.

This is in contrast with soldering and brazing, which involve melting a lower-melting-point

material between the workpieces to form a bond between them, without melting the workpieces.

Brazing is a joining process whereby a filler metal or alloy is heated to melting temperature

above 450 C (840 F)or, by the traditional definition in the United States, above 800 F (427 C)and

distributed between two or more close-fitting parts by capillary action. At its liquid temperature,

the molten filler metal and flux interacts with a thin layer of the base metal, cooling to form a

strong, sealed joint. By definition the melting temperature of the braze alloy is lower (sometimes

substantially) than the melting temperature of the materials being joined. The brazed joint

becomes a sandwich of different layers, each metallurgically linked to the adjacent layers.

A chemical bond is the physical process responsible for the attractive interactions between

atoms and molecules, and that which confers stability to diatomic and polyatomic chemical

compounds. The explanation of the attractive forces is a complex area that is described by the

laws of quantum electrodynamics. In practice, however, chemists usually rely on quantum

theory or qualitative descriptions that are less rigorous but more easily explained to describe

chemical bonding. In general, strong chemical bonding is associated with the sharing or transfer

of electrons between the participating atoms. Molecules, crystals, and diatomic gasesindeed most

of the physical environment around usare held together by chemical bonds, which dictate the

structure of matter.
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Key Points:

1. Arc

These processes use a welding power supply to create and maintain an electric arc between an

electrode and the base material to melt metals at the welding point. They can use either direct

(DC) or alternating (AC) current, and consumable or non-consumable electrodes. The welding

region is sometimes protected by some type of inert or semi-inert gas, known as a shielding gas,

and filler material is sometimes used as well.

2. Power supplies

To supply the electrical energy necessary for arc welding processes, a number of different power

supplies can be used. The most common welding power supplies are constant current power

supplies and constant voltage power supplies. In arc welding, the length of the arc is directly

related to the voltage, and the amount of heat input is related to the current. Constant current

power supplies are most often used for manual welding processes such as gas tungsten arc

welding and shielded metal arc welding, because they maintain a relatively constant current even

as the voltage varies. This is important because in manual welding, it can be difficult to hold the

electrode perfectly steady, and as a result, the arc length and thus voltage tend to fluctuate.

Constant voltage power supplies hold the voltage constant and vary the current, and as a result,

are most often used for automated welding processes such as gas metal arc welding, flux cored

arc welding, and submerged arc welding. In these processes, arc length is kept constant, since

any fluctuation in the distance between the wire and the base material is quickly rectified by a

large change in current. For example, if the wire and the base material get too close, the current

will rapidly increase, which in turn causes the heat to increase and the tip of the wire to melt,

returning it to its original separation distance.
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The type of current used in arc welding also plays an important role in welding. Consumable

electrode processes such as shielded metal arc welding and gas metal arc welding generally use

direct current, but the electrode can be charged either positively or negatively. In welding, the

positively charged anode will have a greater heat concentration, and as a result, changing the

polarity of the electrode has an impact on weld properties. If the electrode is positively charged,

the base metal will be hotter, increasing weld penetration and welding speed. Alternatively, a

negatively charged electrode results in more shallow welds.Nonconsumable electrode processes,

such as gas tungsten arc welding, can use either type of direct current, as well as alternating

current. However, with direct current, because the electrode only creates the arc and does not

provide filler material, a positively charged electrode causes shallow welds, while a negatively

charged electrode makes deeper welds.Alternating current rapidly moves between these two,

resulting in medium-penetration welds. One disadvantage of AC, the fact that the arc must be re-

ignited after every zero crossing, has been addressed with the invention of special power units

that produce a square wave pattern instead of the normal sine wave, making rapid zero crossings

possible and minimizing the effects of the problem.

3. Processes

One of the most common types of arc welding is shielded metal arc welding (SMAW), which is

also known as manual metal arc welding (MMA) or stick welding. Electric current is used to

strike an arc between the base material and consumable electrode rod, which is made of steel and

is covered with a flux that protects the weld area from oxidation and contamination by producing

CO2 gas during the welding process. The electrode core itself acts as filler material, making a

separate filler unnecessary.

The process is versatile and can be performed with relatively inexpensive equipment, making it

well suited to shop jobs and field work.An operator can become reasonably proficient with a
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modest amount of training and can achieve mastery with experience. Weld times are rather slow,

since the consumable electrodes must be frequently replaced and because slag, the residue from

the flux, must be chipped away after welding.Furthermore, the process is generally limited to

welding ferrous materials, though special electrodes have made possible the welding of cast iron,

nickel, aluminium, copper, and other metals. Inexperienced operators may find it difficult to

make good out-of-position welds with this process.

Gas metal arc welding (GMAW), also known as metal inert gas or MIG welding, is a semi-

automatic or automatic process that uses a continuous wire feed as an electrode and an inert or

semi-inert gas mixture to protect the weld from contamination. As with SMAW, reasonable

operator proficiency can be achieved with modest training. Since the electrode is continuous,

welding speeds are greater for GMAW than for SMAW. Also, the smaller arc size compared to

the shielded metal arc welding process makes it easier to make out-of-position welds (e.g.,

overhead joints, as would be welded underneath a structure).

The equipment required to perform the GMAW process is more complex and expensive than that

required for SMAW, and requires a more complex setup procedure. Therefore, GMAW is less

portable and versatile, and due to the use of a separate shielding gas, is not particularly suitable

for outdoor work. However, owing to the higher average rate at which welds can be completed,

GMAW is well suited to production welding. The process can be applied to a wide variety of

metals, both ferrous and non-ferrous.

A related process, flux-cored arc welding (FCAW), uses similar equipment but uses wire

consisting of a steel electrode surrounding a powder fill material. This cored wire is more

expensive than the standard solid wire and can generate fumes and/or slag, but it permits even

higher welding speed and greater metal penetration.

Gas tungsten arc welding (GTAW), or tungsten inert gas (TIG) welding (also sometimes

erroneously referred to as heliarc welding), is a manual welding process that uses a

nonconsumable tungsten electrode, an inert or semi-inert gas mixture, and a separate filler

material. Especially useful for welding thin materials, this method is characterized by a stable arc
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and high quality welds, but it requires significant operator skill and can only be accomplished at

relatively low speeds.

GTAW can be used on nearly all weldable metals, though it is most often applied to stainless

steel and light metals. It is often used when quality welds are extremely important, such as in

bicycle, aircraft and naval applications.A related process, plasma arc welding, also uses a

tungsten electrode but uses plasma gas to make the arc. The arc is more concentrated than the

GTAW arc, making transverse control more critical and thus generally restricting the technique

to a mechanized process. Because of its stable current, the method can be used on a wider range

of material thicknesses than can the GTAW process, and furthermore, it is much faster. It can be

applied to all of the same materials as GTAW except magnesium, and automated welding of

stainless steel is one important application of the process. A variation of the process is plasma

cutting, an efficient steel cutting process.

Submerged arc welding (SAW) is a high-productivity welding method in which the arc is struck

beneath a covering layer of flux. This increases arc quality, since contaminants in the atmosphere

are blocked by the flux. The slag that forms on the weld generally comes off by itself, and

combined with the use of a continuous wire feed, the weld deposition rate is high. Working

conditions are much improved over other arc welding processes, since the flux hides the arc and

almost no smoke is produced. The process is commonly used in industry, especially for large

products and in the manufacture of welded pressure vessels.Other arc welding processes include

atomic hydrogen welding, carbon arc welding, electroslag welding, electrogas welding, and stud

arc welding.

4. Furnace brazing

The furnace brazing method is accomplished by assembling the material to be brazed and the

filler metal in the appropriate configurations and then placing the assembly in a furnace where it

is heated uniformly.
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Furnace brazing is practical when the brazing material can be in contact with the joint, and the

part can survive uniform heating. This process is generally used for applications that need high

volume production. When it is an applicable process, it offers the benefits of a controlled heat

cycle, no post braze cleaning, and no skilled labor needed. The type of furnace used depends on

whether batch or continuous operation is desired and can be designed to have a protective

atmosphere to eliminate the need of protective flux in the filler metal. The type of atmosphere

depends on the filler metal and the material being brazed. Common atmospheres used include

hydrogen based and vacuum. In a hydrogen atmosphere, the gas cleans braze components and

eliminates the need for flux. It is often mixed with inert gasses such as nitrogen, argon, or helium

to lower the overall percentage of hydrogen in the furnace atmosphere. When a vacuum furnace

is used, heat treating processes can be combined with the brazing process. Vacuum furnaces

typically require a larger capital investment but also produce products of typically higher quality.

5. Silver brazing

If silver alloy is used, brazing can be referred to as 'silver brazing'. These silver alloys consist of

many different percentages of silver and other compounds such as copper, zinc and cadmium.

Colloquially, the inaccurate terms "silver soldering" or "hard soldering" are used, to distinguish

from the process of low temperature soldering that is done with solder having a melting point

below 450 C (842 F), or, as traditionally defined in the United States, having a melting point

below 800 F (427 C). Silver brazing is similar to soldering but higher temperatures are used and

the filler metal has a significantly different composition and higher melting point than solder.

Silver brazing requires a gap not greater than a few micrometres or mils for proper capillary

action during joining of parts. (Soldering also uses capillary action to fill small spaces, although

the need for small gap distances may be less critical than in brazing.) This often requires parts to

be silver brazed to be machined to close tolerances.

Brazing is widely used in the tool industry to fasten hardmetal (carbide, ceramics, cermet, and

similar) tips to tools such as saw blades. Pretinning is often done: the braze alloy is melted onto
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the hardmetal tip, which is placed next to the steel and remelted. Pretinning gets around the

problem that hardmetals are hard to wet.

Brazed hardmetal joints are typically two thousandths to seven thousandths of an inch thick. The

braze alloy joins the materials and compensates for the difference in their expansion rates. In

addition it provides a cushion between the hard carbide tip and the hard steel which softens

impact and prevents tip loss and damage, much as the suspension on a vehicle helps prevent

damage to both the tires and the vehicle. Finally the braze alloy joins the other two materials to

create a composite structure, much as layers of wood and glue create plywood.

The standard for braze joint strength in many industries is a joint that is stronger than either base

material, so that when under stress, one or other of the base materials fails before the joint.

One special silver brazing method is called Pinbrazing or Pin Brazing. It has been developed

especially for connecting cables to railway track or for cathodic protection installations.

The method uses a silver and flux containing brazing pin which is melted down in the eye of a

cable lug. The equipments are normally powered from batteries.

6. Comparison of valence bond and molecular orbital theory

In some respects valence bond theory is superior to molecular orbital theory. When applied to the

simplest two-electron molecule, H2, valence bond theory, even at the simplest Heitler-London

approach, gives a much closer approximation to the bond energy, and it provides a much more

accurate representation of the behavior of the electrons as chemical bonds are formed and

broken. In contrast simple molecular orbital theory predicts that the hydrogen molecule

dissociates into a linear superposition of hydrogen atoms and positive and negative hydrogen

ions, a completely unphysical result. This explains in part why the curve of total energy against

interatomic distance for the valence bond method lies above the curve for the molecular orbital

method at all distances and most particularly so for large distances. This situation arises for all

homonuclear diatomic molecules and is particularly a problem for F2, where the minimum
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energy of the curve with molecular orbital theory is still higher in energy than the energy of two

F atoms.

The concepts of hybridization are so versatile, and the variability in bonding in most organic

compounds is so modest, that valence bond theory remains an integral part of the vocabulary of

organic chemistry. However, the work of Friedrich Hund, Robert Mulliken, and Gerhard

Herzberg showed that molecular orbital theory provided a more appropriate description of the

spectroscopic, ionization and magnetic properties of molecules. The deficiencies of valence bond

theory became apparent when hypervalent molecules (e.g. PF5) were explained without the use

of d orbitals that were crucial to the bonding hybridisation scheme proposed for such molecules

by Pauling. Metal complexes and electron deficient compounds (e.g. diborane) also appeared to

be well described by molecular orbital theory, although valence bond descriptions have been

made.

In the 1930s the two methods strongly competed until it was realised that they are both

approximations to a better theory. If we take the simple valence bond structure and mix in all

possible covalent and ionic structures arising from a particular set of atomic orbitals, we reach

what is called the full configuration interaction wave function. If we take the simple molecular

orbital description of the ground state and combine that function with the functions describing all

possible excited states using unoccupied orbitals arising from the same set of atomic orbitals, we

also reach the full configuration interaction wavefunction. It can be then seen that the simple

molecular orbital approach gives too much weight to the ionic structures, while the simple

valence bond approach gives too little. This can also be described as saying that the molecular

orbital approach is too delocalised, while the valence bond approach is too localised.

The two approaches are now regarded as complementary, each providing its own insights into

the problem of chemical bonding. Modern calculations in quantum chemistry usually start from

(but ultimately go far beyond) a molecular orbital rather than a valence bond approach, not

because of any intrinsic superiority in the former but rather because the MO approach is more

readily adapted to numerical computations. However better valence bond programs are now

available.
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Topic : Mechanical Springs

Topic Objective:

At the end of this topic student would be able to:

 Learn the concept of Mechanical Springs

 Learn the concept of Hooke's law

 Learn the concept of Simple harmonic motion

 Learn the concept of Coil Spring

 Learn the concept of Garter Spring

 Learn the concept of Leaf spring

Definition/Overview:

Spring: A spring is an elastic object used to store mechanical energy. Springs are usually made

out of hardened steel. Small springs can be wound from pre-hardened stock, while larger ones

are made from annealed steel and hardened after fabrication. Some non-ferrous metals are also

used including phosphor bronze and titanium for parts requiring corrosion resistance and

beryllium copper for springs carrying electrical current (because of its low electrical resistance).

The rate of a spring is the change in the force it exerts, divided by the change in deflection of the

spring. That is, it is the gradient of the force versus deflection curve. An extension or

compression spring has units of force divided by distance, for example lbf/in or N/m. Torsion

springs have units of force multiplied by distance divided by angle, such as Nm/rad or

ftlbf/degree. The inverse of spring rate is compliance, that is if a spring has a rate of 10 N/mm, it
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has a compliance of 0.1 mm/N. The stiffness (or rate) of springs in parallel is additive, as is the

compliance of springs in series.

Depending on the design and required operating environment, any material can be used to

construct a spring, so long the material has the required combination of rigidity and elasticity:

technically, a wooden bow is a form of spring.

Key Points:

1. Hooke's law

Most springs (not stretched or compressed beyond the elastic limit) obey Hooke's law, which

states that the force with which the spring pushes back is linearly proportional to the distance

from its equilibrium length:

where

x is the displacement vector - the distance and direction in which the spring is deformed

F is the resulting force vector - the magnitude and direction of the restoring force the spring

exerts

k is the spring constant or force constant of the spring.

Coil springs and other common springs typically obey Hooke's law. There are useful springs that

don't: springs based on beam bending can for example produce forces that vary nonlinearly with

displacement.

www.bsscommunitycollege.in   www.bssnewgeneration.in  www.bsslifeskillscollege.in

50
www.onlineeducation.bharatsevaksamaj.net        www.bssskillmission.in

WWW.BSSVE.IN



There are also linear springs which don't follow Hooke's law: a Negator spring (the spring that a

self retracting tape measure uses) provides a constant force.

2. Simple harmonic motion

Main article: Harmonic oscillator

Since force is equal to mass, m, times acceleration, a, the force equation for a spring obeying

Hooke's law looks like:

The displacement, x, as a function of time. The amount of time that passes between peaks is

called the period.

The mass of the spring is assumed small in comparison to the mass of the attached mass and is

ignored. Since acceleration is just the second time derivative of x,

This is a second order linear differential equation for the displacement x as a function of time.

Rearranging:
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the solution of which is the sum of a sine and cosine:

A and B are arbitrary constants that may be found by considering the initial displacement and

velocity of the mass. The graph of this function with B = 0 (zero initial position with some

positive initial velocity) is displayed in the image on the right.

3. Coil Spring

A Coil spring, also known as a helical spring, is a mechanical device, which is typically used to

store energy and subsequently release it, to absorb shock, or to maintain a force between

contacting surfaces. They are made of an elastic material formed into the shape of a helix which

returns to its natural length when unloaded.

Coil springs are a special type of torsion spring, the material of the spring acts in torsion when

the spring is compressed or extended.

The two usual types of coil spring are:

 Tension coil springs which are designed to resist stretching. They usually have a hook or

eye form at each end for attachment.

 Compression coil springs are designed to resist being compressed. A typical use for

compression coil springs is in car suspension systems
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4. Garter Spring

A garter spring is a coil spring tied end-to-end to provide a clamping force around an object.

They are often used to maintain the function of radial shaft seals by keeping the elastomer seals

tight against the rotating shaft.

5. Leaf spring

Originally called laminated or carriage spring, a leaf spring is a simple form of spring,

commonly used for the suspension in wheeled vehicles. It is also one of the oldest forms of

springing, dating back to medieval times.

This article describes leaf springs in terms of vehicle suspension. Sometimes referred to as a

semi-elliptical spring or cart spring, it takes the form of a slender arc-shaped length of spring

steel of rectangular cross-section. The center of the arc provides location for the axle, while tie

holes are provided at either end for attaching to the vehicle body. For very heavy vehicles, a leaf

spring can be made from several leaves stacked on top of each other in several layers, often with

progressively shorter leaves. Leaf springs can serve locating and to some extent damping as well

as springing functions. While the interleaf friction provides a damping action, it is not well

controlled and results in stiction in the motion of the suspension. For this reason manufactures

have experimented with mono-leaf springs.

A leaf spring can either be attached directly to the frame at both ends or attached directly at one

end, usually the front, with the other end attached through a shackle, a short swinging arm. The

shackle takes up the tendency of the leaf spring to elongate when compressed and thus makes for

softer springiness. Some springs terminated in a concave end, called a spoon end (seldom used

now), to carry a swiveling member.
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Topic : Rolling-Contact Bearings

Topic Objective:

At the end of this topic student would be able to:

 Learn the concept of Rolling-Contact Bearings

 Learn the concept of Angular contact

 Learn the concept of Axial

 Learn the concept of Deep-groove

 Learn the concept of Conrad

 Learn the concept of Slot-fill

 Learn the concept of Split-race

 Learn the concept of Single-row versus double-row

 Learn the concept of Caged

Definition/Overview:

Rolling contact bearings are used to minimize the friction associated with relative motion

performed under load. Inner and outer races are typically pressed onto the shaft or hub with a

slight interference fit to make them move with the shaft (inner race) or remain stationary (outer

race).
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Key Points:

1. Angular contact

An angular contact ball bearing uses axially asymmetric races. An axial load passes in a straight

line through the bearing, whereas a radial load takes an oblique path that tends to want to

separate the races axially. So the angle of contact on the inner race is the same as that on the

outer race. Angular contact bearings better support "combined loads" (loading in both the radial

and axial directions) and the contact angle of the bearing should be matched to the relative

proportions of each. The larger the contact angle (typically in the range 10 to 45 degrees), the

higher the axial load supported, but the lower the radial load. In high speed applications, such as

turbines, jet engines, dentistry equipment, the centrifugal forces generated by the balls will

change the contact angle at the inner and outer race. Ceramics such as silicon nitride are now

regularly used in such applications due to its low density (40% of steel - and so significantly

reduced centrifugal force), its ability to function in high temperature environments, and the fact

that it tends to wear in a similar way to bearing steel (rather than cracking or shattering like glass

or porcelain).

Most bicycles use angular-contact bearings in the headsets because the forces on these bearings

are in both the radial and axial direction.

2. Axial

An axial ball bearing uses side-by-side races. An axial load is transmitted directly through the

bearing, while a radial load is poorly-supported, tends to separate the races, and anything other

than a small radial load is likely to damage the bearing.

www.bsscommunitycollege.in   www.bssnewgeneration.in  www.bsslifeskillscollege.in

55
www.onlineeducation.bharatsevaksamaj.net        www.bssskillmission.in

WWW.BSSVE.IN



3. Deep-groove

A deep-groove radial bearing is one in which the race dimensions are close to the dimensions of

the balls that run in it. Deep-groove bearings have higher load ratings for their size than shallow-

groove , but are also less tolerant of misalignment of the inner and outer races. A misaligned

shallow-groove bearing may support a larger load than a similar deep-groove bearing with

similar misalignment.

4. Conrad

A Conrad bearing is assembled by placing the inner and outer races radially offset, so the races

touch at one point and have a large gap on the radially opposite side. The bearing is then filled by

placing balls in to the large gap, then distributing them around the bearing assembly. The act of

distributing the balls causes the inner and outer races to become concentric. If the balls were left

free, the balls could resume their offset locations and the bearing could disassemble itself. Thus,

a cage is inserted to hold the balls in their distributed positions. The cage supports no bearing

load; it serves to keep the balls located. Conrad bearings have the advantage that they take both

radial and axial loads, but the disadvantage they cannot be filled to a full complement and thus

have reduced load-carrying capacity compared to a full-complement bearing. The Conrad

bearing is named for its inventor, Robert Conrad, who got British patent 12,206 in 1903 and U.S.

patent 822,723 in 1906. Probably the most familiar industrial ball bearing is the deep-groove

Conrad style. The bearing is used in most of the mechanical industries.

5. Slot-fill

A slot-fill radial bearing is one in which the inner and outer races are notched so that when they

are aligned, balls can be slipped in the slot in order to fill the bearing. A slot-fill bearing has the

advantage that the entire groove is filled with balls, called a full complement. A slot-fill bearing

has the disadvantages that it handles axial loads poorly, and the notches weaken the races. Note
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that an angular contact bearing can be disassembled axially and so can easily be filled with a full

complement.

6. Split-race

The outer race may be split axially or radially, or a hole drilled in it for filling. These approaches

allow a full complement to be used, but also limit the orientation of loads or the amount of

misalignment the bearing can tolerate. Thus, these designs find much less use.

7. Single-row versus double-row

Most ball bearings are single-row designs. Some double-row designs are available but they need

better alignment than single-row bearings.

8. Caged

Caged bearings typically have fewer balls than a full complement, and thus have reduced load

capacity. However, cages keep balls from scuffing directly against each other and so can reduce

the drag of a loaded bearing. Caged roller bearings were invented by John Harrison in the mid

1700s as part of his work on chronographs. Caged bearings were used more frequently during

wartime steel shortages for bicycle wheel bearings married to replaceable cups.

9. Ceramic hybrid ball bearings using ceramic balls

Ceramic bearing balls weigh up to 40% less than steel bearing balls, depending on size. This

reduces centrifugal loading and skidding, so hybrid ceramic bearings can operate 20% to 40%

faster than conventional bearings. This means that the outer race groove exerts less force inward
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against the ball as the bearing spins. This reduction in force reduces the friction and rolling

resistance. The lighter ball allows the bearing to spin faster, and uses less energy to maintain its

speed.

Ceramic hybrid ball bearings use these ceramic balls in place of steel balls. They are constructed

with steel inner and outer rings, but ceramic balls; hence the hybrid designation.

10 Self-aligning

Self-aligning ball bearings are constructed with the inner ring and ball assembly contained within

an outer ring that has a spherical raceway. This construction allows the bearing to tolerate a

small angular misalignment resulting from deflection or improper mounting.

11. Rolling-element bearing

A rolling-element bearing is a bearing which carries a load by placing round elements between

the two pieces. The relative motion of the pieces causes the round elements to roll with very little

rolling resistance and with little sliding.

One of the earliest and best-known rolling-element bearings are sets of logs laid on the ground

with a large stone block on top. As the stone is pulled, the logs roll along the ground with little

sliding friction. As each log comes out the back, it is moved to the front where the block then

rolls on to it. You can imitate such a bearing by placing several pens or pencils on a table and

placing your hand on top of them. See "bearings" for more on the historical development of

bearings.

A rolling-element rotary bearing uses a shaft in a much larger hole, and cylinders called "rollers"

tightly fill the space between the shaft and hole. As the shaft turns, each roller acts as the logs in
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the above example. However, since the bearing is round, the rollers never fall out from under the

load.

Rolling-element bearings have the advantage of a good tradeoff between cost, size, weight,

carrying capacity, durability, accuracy, friction, and so on. Other bearing designs are often better

on one specific attribute, but worse in most other attributes, although fluid bearings can

sometimes simultaneously outperform on carrying capacity, durability, accuracy, friction,

rotation rate and sometimes cost. Only plain bearings have as wide use as rolling-element

bearings.

Topic : Lubrication And Journal Bearings

Topic Objective:

At the end of this topic student would be able to:

 Learn the concept of Lubrication and Journal Bearings

 Learn the concept of Oil Lubrication

 Learn the concept of Grease Lubrication

 Learn the concept of Greasing Procedures

Definition/Overview:

Journal or plain bearings consist of a shaft or journal which rotates freely in a supporting metal

sleeve or shell. There are no rolling elements in these bearings. Their design and construction

may be relatively simple, but the theory and operation of these bearings can be complex. This

article concentrates on oil- and grease-lubricated full fluid film journal bearings; but first a brief
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discussion of pins and bushings, dry and semilubricated journal bearings, and tilting-pad

bearings.

Key Points:

1. Journal Bearing

Low-speed pins and bushings are a form of journal bearing in which the shaft or shell generally

does not make a full rotation. The partial rotation at low speed, before typically reversing

direction, does not allow for the formation of a full fluid film and thus metal-to-metal contact

does occur within the bearing. Pins and bushings continually operate in the boundary lubrication

regime. These types of bearings are typically lubricated with an extreme pressure (EP) grease to

aid in supporting the load. Solid molybdenum disulfide (moly) is included in the grease to

enhance the load-carrying capability of the lubricant. Many outdoor construction and mining

equipment applications incorporate pins and bushings. Consequently, shock loading and water

and dirt contamination are often major factors in their lubrication.

Dry journal bearings consist of a shaft rotating in a dry sleeve, usually a polymer, which may be

blended with solids such as molybdenum, graphite, PTFE or nylon. These bearings are limited to

low-load and low-surface speed applications. Semilubricated journal bearings consist of a shaft

rotating in a porous metal sleeve of sintered bronze or aluminum in which lubricating oil is

contained within the pores of the porous metal. These bearings are restricted to low loads, low-

to-medium velocity and temperatures up to 100C (210F).

Tilting-pad or pivoting-shoe bearings consist of a shaft rotating within a shell made up of curved

pads. Each pad is able to pivot independently and align with the curvature of the shaft. A

diagram of a tilt-pad bearing is presented in Figure 1. The advantage of this design is the more

accurate alignment of the supporting shell to the rotating shaft and the increase in shaft stability
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which is obtained.1 An article on tilting-pad bearings appeared in the MarchApril 2004 issue of

Machinery Lubrication magazine.

Journal bearings are meant to include sleeve, plain, shell and babbitt bearings. The term babbitt

actually refers to the layers of softer metals (lead, tin and copper) which form the metal contact

surface of the bearing shell. These softer metals overlay a stronger steel support shell and are

needed to cushion the shell from the harder rotating shaft.

Simple shell-type journal bearings accept only radial loading, perpendicular to the shaft,

generally due to the downward weight or load of the shaft. Thrust or axial loads, along the axis

of the shaft, can also be accommodated by journal bearings designed for this purpose. Figure 1

shows a tilt-pad bearing capable of accepting both radial and thrust loads.

Journal bearings operate in the boundary regime (metal-to-metal contact) only during the startup

and shutdown of the equipment when the rotational speed of the shaft (journal) is insufficient to

create an oil film. It is during startup and shutdown when almost all of the damage to the bearing

occurs.2 Information on plain bearing failures was discussed in an article in the July - August

2004 issue of ML magazine. Hydrostatic lift, created by an external pressurized oil feed, may be

employed to float large, heavy journals prior to startup (shaft rotation) to prevent this type of

damage. During normal operation, the shaft rotates at sufficient speed to force oil between the

conforming curved surfaces of the shaft and shell, thus creating an oil wedge and a

hydrodynamic oil film. This full hydrodynamic fluid film allows these bearings to support

extremely heavy loads and operate at high rotational speeds. Surface speeds of 175 to 250

meters/second (30,000 to 50,000 feet/minute) are common. Temperatures are often limited by

the lubricant used, as the lead and tin babbitt is capable of temperatures reaching 150C (300F).
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It is important to understand that the rotating shaft is not centered in the bearing shell during

normal operation. This offset distance is referred to as the eccentricity of the bearing and creates

a unique location for the minimum oil film thickness, as illustrated in Figure 3.

[Figure 3. Shaft Motion During Startup]

Normally, the minimum oil film thickness is also the dynamic operating clearance of the bearing.

Knowledge of the oil film thickness or dynamic clearances is also useful in determining filtration

and metal surface finish requirements. Typically, minimum oil film thicknesses in the load zone

during operation ranges from 1.0 to 300 microns, but values of 5 to 75 microns are more

common in midsized industrial equipment. The film thickness will be greater in equipment

which has a larger diameter shaft. Persons requiring a more exact value should seek information

on the Sommerfeld Number and the Reynolds Number. Discussion of these calculations in

greater detail is beyond the scope of this article. Note that these values are significantly larger

than the one-micron values encountered in rolling element bearings.

The pressures encountered in the contact area of journal bearings are significantly less than those

generated in rolling bearings. This is due to the larger contact area created by the conforming

(similar curvature) surfaces of the journal and the shell. The mean pressure in the load zone of a

journal bearing is determined by the force per unit area or in this case, the weight or load

supported by the bearing divided by the approximate load area of the bearing (the bearing

diameter times the length of the bearing). In most industrial applications, these values range from

690 to 2,070 kPa (100 to 300 psi). At these low pressures, there is virtually no increase in the oil

viscosity in the bearing contact area due to pressure. Automotive reciprocating engine bearings

and some severely loaded industrial applications may have mean pressures of 20.7 to 35 MPa

(3,000 to 5,000 psi). At these pressure levels, the viscosity may slightly increase. The maximum

pressure encountered by the bearing is typically about twice the mean value, to a maximum of

about 70 MPa (10,000 psi).
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Oil whirl is a phenomenon that can occur in high-speed journal bearings when the shaft position

within the shell becomes unstable and the shaft continues to change its position during normal

operation, due to the fluid forces created within the bearing. Oil whirl may be reduced by

increasing the load or changing the viscosity, temperature or oil pressure in the bearing. A

permanent solution may involve a new bearing with different clearances or design. Oil whip

occurs when the oil whirl frequency coincides with the systems natural frequency. The result can

be a catastrophic failure.3

2. Oil Lubrication

Oils are used in journal bearings when cooling is required or contaminants or debris need to be

flushed away from the bearing. High-speed journal bearings are always lubricated with oil rather

than a grease. Oil is supplied to the bearing by either a pressurized oil pump system, an oil ring

or collar or a wick. Grooves in the bearing shell are used to distribute the oil throughout the

bearings surfaces.

The viscosity grade required is dependent upon bearing RPM, oil temperature and load. The

bearing speed is often measured strictly by the revolutions per minute of the shaft, with no

consideration of the surface speed of the shaft, as per the ndm values calculated for rolling

bearings. Table 1 provides a general guideline to selecting the correct ISO viscosity grade.

The ISO grade number indicated is the preferred grade for speed and temperature range. ISO 68-

and 100-grade oils are commonly used in indoor, heated applications, with 32-grade oils being

used for high-speed (10,000 RPM) units and some outdoor low-temperature applications. Note in

the table that the higher the bearing speed, the lower the oil viscosity required; and that the

higher the operating temperature of the unit, the higher the oil viscosity that is required.

Another method of determining the proper viscosity grade is by applying minimum and optimum

viscosity criteria to a viscosity-temperature plot. A generally accepted minimum viscosity of the

oil at the operating temperature for journal bearings is 13 cSt, although some designs allow for

an oil as thin as 7 or 8 cSt at the operating temperature. The optimum viscosity at operating

temperature is 22 to 35 cSt, for moderate-speed bearings if no shock loading occurs. The
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optimum viscosity may be as high as 95 cSt for low-speed, heavily loaded or shock-loaded

journal bearings.

Using this method requires some knowledge of the oil temperature within the bearing under

operating conditions, which can be difficult to determine. Fortunately, an accurate oil

temperature is not needed for most viscosity determinations. It is common to determine the

temperature of the outer surface of the pipes carrying oil to and away from the bearing. The

temperature of the oil inside of the pipes will generally be higher (5 to 10C, 10 to 18F) than the

outer metal surface of the pipe. The oil temperature within the bearing can be taken as the

average of the oil entering versus the temperature exiting the bearing.4

A third and more complex method is to calculate the oil viscosity needed to obtain a satisfactory

oil film thickness. Persons wishing to Learn more about this method should seek information

regarding the Sommerfeld equation and either eccentricity ratios or Reynolds Numbers.4

If the oil selected is too low in viscosity, heat will generate due to an insufficient film thickness

and some metal-to-metal contact will occur. If the oil is too high in viscosity, heat will again be

generated, but due to the internal fluid friction created within the oil. Selecting an oil which is

too high in viscosity can also increase the likelihood of cavitation. The high- and low-pressure

zones, which are created within the oil on each side of the area of minimum film thickness, can

cause oil cavitation in these bearings. Cavitation is a result of expansion of dissolved air or a

vapor (water or fuel) in the low-pressure zone of the bearing. The resulting bubble implodes,

causing damage, as it passes through the high-pressure portion of the bearing. If the implosion or

collapse of the vapor bubble occurs next to the metal surface, this can cause cavitation pitting

damage to the metal. If the implosion of the bubble occurs within the oil, a micro hot spot or

micro-dieseling can occur, which may lead to varnishing within the system.

Typically, a rust and oxidation (R&O) inhibited additive system is used in the oils employed in

these applications. Antifoam and pour point depressant additives may also be present. Antiwear

(AW) hydraulic oils may also be used as long as the high-temperature limit of the zinc AW

component is not exceeded and excessive water is not present. R&O oils tend to have better
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water separation characteristics, which is beneficial, and the AW properties of a hydraulic oil

would be beneficial only during startup and shutdown, assuming a properly operating bearing.

3. Grease Lubrication

Grease is used to lubricate journal bearings when cooling of the bearing is not a factor, typically

if the bearing operates at relatively low speeds. Grease is also beneficial if shock loading occurs

or if the bearing frequently starts and stops or reverses direction. Grease is almost always used to

lubricate pins and bushings because it provides a thicker lubricant than oil to support static loads

and to protect against vibration and shock-loading that are common in many of these

applications.

Lithium soap or lithium complex thickeners are the most common thickeners used in greases and

are excellent for most journal bearing applications. The grade of grease used is typically an

NLGI grade #2 with a base oil viscosity of approximately 150 to 220 cSt at 40C. Greases for

low-speed, high-load, high temperatures and for pins and bushings may use a higher viscosity

base oil and be formulated with EP and solid additives. Greases for improved water resistance

may be formulated with heavier base oils, different thickeners and special additive formulations.

Greases for better low-temperature dispensing may incorporate a lower viscosity base oil

manufactured to an NLGI #1 specification. Bearings lubricated by a centralized grease

dispensing systems typically use a #1, 0 or 00 grade of grease.

The apparent viscosity of grease changes with shear (pressure, load and speed) that is, greases

are non-Newtonian or thixotropic. Within a rotating journal bearing, as the bearing rotates faster

(shear rate increases), the apparent viscosity of the grease decreases and approaches the viscosity

of the base oil used in grease. At both ends of the bearing shell, the pressure is lower and

therefore the apparent viscosity remains higher. The resulting thicker grease at the bearing ends

acts as a built-in seal to reduce the ingression of contaminants.
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4. Greasing Procedures

The greasing procedures for journal bearings and pins and bushings are not as well-defined or as

critical as for rolling bearings because the grease is not subjected to the churning action created

by the rolling elements. The volume of grease to inject and the frequency of application are

dictated more by trial and error. Generally, most journal bearings cannot be overgreased. Caution

must be taken when pumping grease into a bearing that is fitted with seals, so they are not

damaged or displaced by the force and volume of the incoming grease. The harshness of the

environment, shock loading and especially the operating temperature will be major factors in

determining the frequency of relubrication.

Journal bearings are generally a simpler design and not as difficult to lubricate as rolling element

bearings. The proper viscosity matched to the operating conditions and a clean and dry lubricant

will usually suffice to form a full fluid lubricating film and provide excellent bearing life.

In Section 4 of this course you will cover these topics:
Gears - General

Spur And Helical Gears

Bevel And Worm Gears

Clutches, Brakes, Couplings And Flywheels

Topic : Gears – General

Topic Objective:

At the end of this topic student would be able to:

 Learn the concept of Gear

 Learn the concept of External vs. internal gears
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 Learn the concept of Spur gears

 Learn the concept of Helical gears

 Learn the concept of Double helical gears

 Learn the concept of Bevel gears

Definition/Overview:

Gear: A gear is a component within a transmission device that transmits rotational force to

another gear or device. A gear is different from a pulley in that a gear is a round wheel which has

linkages ("teeth" or "cogs") that mesh with other gear teeth, allowing force to be fully transferred

without slippage. Depending on their construction and arrangement, geared devices can transmit

forces at different speeds, torques, or in a different direction, from the power source.

The most common situation is for a gear to mesh with another gear, but a gear can mesh with any

device having compatible teeth, such as linear moving racks.

Key Points:

1. Mechanical advantage

The interlocking of the teeth in a pair of meshing gears means that their circumferences

necessarily move at the same rate of linear motion (eg., metres per second, or feet per minute).

Since rotational speed (eg. measured in revolutions per second, revolutions per minute, or

radians per second) is proportional to a wheel's circumferential speed divided by its radius, we

see that the larger the radius of a gear, the slower will be its rotational speed, when meshed with
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a gear of given size and speed. The same conclusion can also be reached by a different analytical

process: counting teeth. Since the teeth of two meshing gears are locked in a one to one

correspondence, when all of the teeth of the smaller gear have passed the point where the gears

meet -- ie., when the smaller gear has made one revolution -- not all of the teeth of the larger gear

will have passed that point -- the larger gear will have made less than one revolution. The smaller

gear makes more revolutions in a given period of time; it turns faster. The speed ratio is simply

the reciprocal ratio of the numbers of teeth on the two gears.

(Speed A * Number of teeth A) = (Speed B * Number of teeth B)

This ratio is known as the gear ratio.

The torque ratio can be determined by considering the force that a tooth of one gear exerts on a

tooth of the other gear. Consider two teeth in contact at a point on the line joining the shaft axes

of the two gears. In general, the force will have both a radial and a circumferential component.

The radial component can be ignored: it merely causes a sideways push on the shaft and does not

contribute to turning. The circumferential component causes turning. The torque is equal to the

circumferential component of the force times radius. Thus we see that the larger gear experiences

greater torque; the smaller gear less. The torque ratio is equal to the ratio of the radii. This is

exactly the inverse of the case with the velocity ratio. Higher torque implies lower velocity and

vice versa. The fact that the torque ratio is the inverse of the velocity ratio could also be inferred

from the law of conservation of energy. Here we have been neglecting the effect of friction on

the torque ratio. The velocity ratio is truly given by the tooth or size ratio, but friction will cause

the torque ratio to be actually somewhat less than the inverse of the velocity ratio.

In the above discussion we have made mention of the gear "radius". Since a gear is not a proper

circle but a roughened circle, it does not have a radius. However, in a pair of meshing gears, each

may be considered to have an effective radius, called the pitch radius, the pitch radii being such

that smooth wheels of those radii would produce the same velocity ratio that the gears actually

produce. The pitch radius can be considered sort of an "average" radius of the gear, somewhere

between the outside radius of the gear and the radius at the base of the teeth.
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The issue of pitch radius brings up the fact that the point on a gear tooth where it makes contact

with a tooth on the mating gear varies during the time the pair of teeth are engaged; also the

direction of force may vary. As a result, the velocity ratio (and torque ratio) is not, actually, in

general, constant, if one considers the situation in detail, over the course of the period of

engagement of a single pair of teeth. The velocity and torque ratios given at the beginning of this

section are valid only "in bulk" -- as long-term averages; the values at some particular position of

the teeth may be different.

It is in fact possible to choose tooth shapes that will result in the velocity ratio also being

absolutely constant -- in the short term as well as the long term. In good quality gears this is

usually done, since velocity ratio fluctuations cause undue vibration, and put additional stress on

the teeth, which can cause tooth breakage under heavy loads at high speed. Constant velocity

ratio may also be desirable for precision in instrumentation gearing, clocks and watches. The

involute tooth shape is one that results in a constant velocity ratio, and is the most commonly

used of such shapes today.

2. Comparison with other drive mechanisms

The definite velocity ratio which results from having teeth gives gears an advantage over other

drives (such as traction drives and V-belts) in precision machines such as watches that depend

upon an exact velocity ratio. In cases where driver and follower are in close proximity gears also

have an advantage over other drives in the reduced number of parts required; the downside is that

gears are more expensive to manufacture and their lubrication requirements may impose a higher

operating cost.

The automobile transmission allows selection between gears to give various mechanical

advantages.
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3. External vs. internal gears

Unlike most gears, an internal gear (shown here) does not cause direction reversal. An external

gear is one with the teeth formed on the outer surface of a cylinder or cone. Conversely, an

internal gear is one with the teeth formed on the inner surface of a cylinder or cone. For bevel

gears, an internal gear is one with the pitch angle exceeding 90 degrees.

2. Spur gears

Spur gears are the simplest and most common type of gear. Their general form is a cylinder or

disk. The teeth project radially, and with these "straight-cut gears", the leading edges of the teeth

are aligned parallel to the axis of rotation. These gears can only mesh correctly if they are fitted

to parallel axles. Spur gears on non-parallel shafts can mesh, but only point contact will be

achieved, not line contact across the full width of the tooth; also the length of the path of contact

may be too short.

3. Helical gears

Helical gears offer a refinement over spur gears. The leading edges of the teeth are not parallel to

the axis of rotation, but are set at an angle. Since the gear is curved, this angling causes the tooth

shape to be a segment of a helix. The angled teeth engage more gradually than do spur gear teeth.

This causes helical gears to run more smoothly and quietly than spur gears. Helical gears also

offer the possibility of using non-parallel shafts. A pair of helical gears can be meshed in two

ways: with shafts oriented at either the sum or the difference of the helix angles of the gears.
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These configurations are referred to as parallel or crossed, respectively. The parallel

configuration is the more mechanically sound. In it, the helices of a pair of meshing teeth meet at

a common tangent, and the contact between the tooth surfaces will, generally, be a curve

extending some distance across their face widths. In the crossed configuration, the helices do not

meet tangentially, and only point contact is achieved between tooth surfaces. Because of the

small area of contact, crossed helical gears can only be used with light loads.

Quite commonly, helical gears come in pairs where the helix angle of one is the negative of the

helix angle of the other; such a pair might also be referred to as having a right-handed helix and a

left-handed helix of equal angles. If such a pair is meshed in the 'parallel' mode, the two equal

but opposite angles add to zero: the angle between shafts is zero -- that is, the shafts are parallel.

If the pair is meshed in the 'crossed' mode, the angle between shafts will be twice the absolute

value of either helix angle.

Note that 'parallel' helical gears need not have parallel shafts -- this only occurs if their helix

angles are equal but opposite. The 'parallel' in 'parallel helical gears' must refer, if anything, to

the (quasi) parallelism of the teeth, not to the shaft orientation.

As mentioned at the start of this section, helical gears operate more smoothly than do spur gears.

With parallel helical gears, each pair of teeth first make contact at a single point at one side of

the gear wheel; a moving curve of contact then grows gradually across the tooth face. It may

span the entire width of the tooth for a time. Finally, it recedes until the teeth break contact at a

single point on the opposite side of the wheel. Thus force is taken up and released gradually.

With spur gears, the situation is quite different. When a pair of teeth meet, they immediately

make line contact across their entire width. This causes impact stress and noise. Spur gears make

a characteristic whine at high speeds and can not take as much torque as helical gears because

their teeth are receiving impact blows. Whereas spur gears are used for low speed applications

and those situations where noise control is not a problem, the use of helical gears is indicated

when the application involves high speeds, large power transmission, or where noise abatement

is important. The speed is considered to be high when the pitch line velocity (that is, the

circumferential velocity) exceeds 5000 ft/min. A disadvantage of helical gears is a resultant

thrust along the axis of the gear, which needs to be accommodated by appropriate thrust
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bearings, and a greater degree of sliding friction between the meshing teeth, often addressed with

specific additives in the lubricant

4. Double helical gears

Double helical gears, also known as herringbone gears, overcome the problem of axial thrust

presented by 'single' helical gears by having teeth that set in a 'V' shape. Each gear in a double

helical gear can be thought of as two standard, but mirror image, helical gears stacked. This

cancels out the thrust since each half of the gear thrusts in the opposite direction. They can be

directly interchanged with spur gears without any need for different bearings.

Where the oppositely angled teeth meet in the middle of a herringbone gear, the alignment may

be such that tooth tip meets tooth tip, or the alignment may be staggered, so that tooth tip meets

tooth trough. The latter alignment is the unique defining characteristic of a Wuest type

herringbone gear, named after its inventor.

With the older method of fabrication, herringbone gears had a central channel separating the two

oppositely-angled courses of teeth. This was necessary to permit the shaving tool to run out of

the groove. The development of the Sykes gear shaper now makes it possible to have continuous

teeth, with no central gap.

5. Bevel gears

Bevel gears are essentially conically shaped, although the actual gear does not extend all the way

to the vertex (tip) of the cone that bounds it. With two bevel gears in mesh, the vertices of their

two cones lie on a single point, and the shaft axes also intersect at that point. The angle between

the shafts can be anything except zero or 180 degrees. Bevel gears with equal numbers of teeth

and shaft axes at 90 degrees are called miter gears.
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The teeth of a bevel gear may be straight-cut as with spur gears, or they may be cut in a variety

of other shapes. 'Spiral bevel gears' have teeth that are both curved along their (the tooth's)

length; and set at an angle, analogously to the way helical gear teeth are set at an angle compared

to spur gear teeth. 'Zero bevel gears' have teeth which are curved along their length, but not

angled. Spiral bevel gears have the same advantages and disadvantages relative to their straight-

cut cousins as helical gears do to spur gears. Straight bevel gears are generally used only at

speeds below 5 m/s (1000 ft/min), or, for small gears, 1000 r.p.m.

6. Crown gear

A crown gear or contrate gear is a particular form of bevel gear whose teeth project at right

angles to the plane of the wheel; in their orientation the teeth resemble the points on a crown. A

crown gear can only mesh accurately with another bevel gear, although crown gears are

sometimes seen meshing with spur gears. A crown gear is also sometimes meshed with an

escapement such as found in mechanical clocks.

7. Hypoid gears

Hypoid gears resemble spiral bevel gears, except that the shaft axes are offset, not intersecting.

The pitch surfaces appear conical but, to compensate for the offset shaft, are in fact hyperboloids

of revolution. Hypoid gears are almost always designed to operate with shafts at 90 degrees.

Depending on which side the shaft is offset to, relative to the angling of the teeth, contact

between hypoid gear teeth may be even smoother and more gradual than with spiral bevel gear

teeth. Also, the pinion can be designed with fewer teeth than a spiral bevel pinion, with the result

that gear ratios of 60:1 and higher are "entirely feasible" using a single set of hypoid gears.
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8. Worm gear

A worm is a gear that resembles a screw. It is a species of helical gear, but its helix angle is

usually somewhat large(ie., somewhat close to 90 degrees) and its body is usually fairly long in

the axial direction; and it is these attributes which give it its screw like qualities. A worm is

usually meshed with an ordinary looking, disk-shaped gear, which is called the "gear", the

"wheel", the "worm gear", or the "worm wheel". The prime feature of a worm-and-gear set is

that it allows the attainment of a high gear ratio with few parts, in a small space. Helical gears

are, in practice, limited to gear ratios of 10:1 and under; worm gear sets commonly have gear

ratios between 10:1 and 100:1, and occasionally 500:1. In worm-and-gear sets, where the worm's

helix angle is large, the sliding action between teeth can be considerable, and the resulting

frictional loss causes the efficiency of the drive to be usually less than 90 percent, sometimes less

than 50 percent, which is far less than other types of gears.

The distinction between a worm and a helical gear is made when at least one tooth persists for a

full 360 degree turn around the helix. If this occurs, it is a 'worm'; if not, it is a 'helical gear'. A

worm may have as few as one tooth. If that tooth persists for several turns around the helix, the

worm will appear, superficially, to have more than one tooth, but what one in fact sees is the

same tooth reappearing at intervals along the length of the worm. The usual screw nomenclature

applies: a one-toothed worm is called "single thread" or "single start"; a worm with more than

one tooth is called "multiple thread" or "multiple start".

We should note that the helix angle of a worm is not usually specified. Instead, the lead angle,

which is equal to 90 degrees minus the helix angle, is given.

In a worm-and-gear set, the worm can always drive the gear. However, if the gear attempts to

drive the worm, it may or may not succeed. Particularly if the lead angle is small, the gear's teeth

may simply lock against the worm's teeth, because the force component circumferential to the

worm is not sufficient to overcome friction. Whether this will happen depends on a function of

several parameters; however, an approximate rule is that if the tangent of the lead angle is greater

than the coefficient of friction, the gear will not lock.Worm-and-gear sets that do lock in the
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above manner are called "self locking". The self locking feature can be an advantage, as for

instance when it is desired to set the position of a mechanism by turning the worm and then have

the mechanism hold that position. An example of this is the tuning mechanism on some types of

stringed instruments.

If the gear in a worm-and-gear set is an ordinary helical gear only point contact between teeth

will be achieved.If medium to high power transmission is desired, the tooth shape of the gear is

modified to achieve more intimate contact with the worm thread. A noticeable feature of most

such gears is that the tooth tops are concave, so that the gear partly envelopes the worm. A

further development is to make the worm concave (viewed from the side, perpendicular to its

axis) so that it partly envelopes the gear as well; this is called a cone-drive or Hindley worm.

A right hand helical gear or right hand worm is one in which the teeth twist clockwise as they

recede from an observer looking along the axis. The designations, right hand and left hand, are

the same as in the long established practice for screw threads, both external and internal. Two

external helical gears operating on parallel axes must be of opposite hand. An internal helical

gear and its pinion must be of the same hand. It is used to get high velocity ratio.

A left hand helical gear or left hand worm is one in which the teeth twist counterclockwise as

they recede from an observer looking along the axis

Topic : Spur And Helical Gears

Topic Objective:

At the end of this topic student would be able to:

 Learn the concept of Spur and Helical Gears

 Learn the concept of Double helical gears
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 Learn the concept of Rack and pinion

 Learn the concept of Epicyclic gearing

Definition/Overview:

Spur gears are the simplest and most common type of gear. Their general form is a cylinder or

disk. The teeth project radially, and with these "straight-cut gears", the leading edges of the teeth

are aligned parallel to the axis of rotation. These gears can only mesh correctly if they are fitted

to parallel axles. Spur gears on non-parallel shafts can mesh, but only point contact will be

achieved, not line contact across the full width of the tooth; also the length of the path of contact

may be too short.

Helical gears offer a refinement over spur gears. The leading edges of the teeth are not parallel

to the axis of rotation, but are set at an angle. Since the gear is curved, this angling causes the

tooth shape to be a segment of a helix. The angled teeth engage more gradually than do spur gear

teeth. This causes helical gears to run more smoothly and quietly than spur gears. Helical gears

also offer the possibility of using non-parallel shafts.

Key Points:

1. Helical Gear

A pair of helical gears can be meshed in two ways: with shafts oriented at either the sum or the

difference of the helix angles of the gears. These configurations are referred to as parallel or

crossed, respectively. The parallel configuration is the more mechanically sound. In it, the

helices of a pair of meshing teeth meet at a common tangent, and the contact between the tooth

www.bsscommunitycollege.in   www.bssnewgeneration.in  www.bsslifeskillscollege.in

76
www.onlineeducation.bharatsevaksamaj.net        www.bssskillmission.in

WWW.BSSVE.IN



surfaces will, generally, be a curve extending some distance across their face widths. In the

crossed configuration, the helices do not meet tangentially, and only point contact is achieved

between tooth surfaces. Because of the small area of contact, crossed helical gears can only be

used with light loads.

Quite commonly, helical gears come in pairs where the helix angle of one is the negative of the

helix angle of the other; such a pair might also be referred to as having a right-handed helix and a

left-handed helix of equal angles. If such a pair is meshed in the 'parallel' mode, the two equal

but opposite angles add to zero: the angle between shafts is zero -- that is, the shafts are parallel.

If the pair is meshed in the 'crossed' mode, the angle between shafts will be twice the absolute

value of either helix angle.

Note that 'parallel' helical gears need not have parallel shafts -- this only occurs if their helix

angles are equal but opposite. The 'parallel' in 'parallel helical gears' must refer, if anything, to

the (quasi) parallelism of the teeth, not to the shaft orientation.

As mentioned at the start of this section, helical gears operate more smoothly than do spur gears.

With parallel helical gears, each pair of teeth first make contact at a single point at one side of

the gear wheel; a moving curve of contact then grows gradually across the tooth face. It may

span the entire width of the tooth for a time. Finally, it recedes until the teeth break contact at a

single point on the opposite side of the wheel. Thus force is taken up and released gradually.

With spur gears, the situation is quite different. When a pair of teeth meet, they immediately

make line contact across their entire width. This causes impact stress and noise. Spur gears make

a characteristic whine at high speeds and can not take as much torque as helical gears because

their teeth are receiving impact blows. Whereas spur gears are used for low speed applications

and those situations where noise control is not a problem, the use of helical gears is indicated

when the application involves high speeds, large power transmission, or where noise abatement

is important. The speed is considered to be high when the pitch line velocity (that is, the

circumferential velocity) exceeds 5000 ft/min. A disadvantage of helical gears is a resultant

thrust along the axis of the gear, which needs to be accommodated by appropriate thrust

bearings, and a greater degree of sliding friction between the meshing teeth, often addressed with

specific additives in the lubricant
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2. Double helical gears

Double helical gears, also known as herringbone gears, overcome the problem of axial thrust

presented by 'single' helical gears by having teeth that set in a 'V' shape. Each gear in a double

helical gear can be thought of as two standard, but mirror image, helical gears stacked. This

cancels out the thrust since each half of the gear thrusts in the opposite direction. They can be

directly interchanged with spur gears without any need for different bearings.

Where the oppositely angled teeth meet in the middle of a herringbone gear, the alignment may

be such that tooth tip meets tooth tip, or the alignment may be staggered, so that tooth tip meets

tooth trough. The latter alignment is the unique defining characteristic of a Wuest type

herringbone gear, named after its inventor.

With the older method of fabrication, herringbone gears had a central channel separating the two

oppositely-angled courses of teeth. This was necessary to permit the shaving tool to run out of

the groove. The development of the Sykes gear shaper now makes it possible to have continuous

teeth, with no central gap.

3. Rack and pinion

A rack is a toothed bar or rod that can be thought of as a sector gear with an infinitely large

radius of curvature. Torque can be converted to linear force by meshing a rack with a pinion: the

pinion turns; the rack moves in a straight line. Such a mechanism is used in automobiles to

convert the rotation of the steering wheel into the left-to-right motion of the tie rod(s). Racks also

feature in the theory of gear geometry, where, for instance, the tooth shape of an interchangeable

set of gears may be specified for the rack (infinite radius), and the tooth shapes for gears of

particular actual radii then derived from that. The rack and pinion gear type is employed in a rack

railway.
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4. Epicyclic gearing

In an ordinary gear train, the gears rotate but their axes are stationary. An epicyclic gear train is

one in which one or more of the axes also moves. Examples are the sun and planet gear system

invented by the company of James Watt, in which the axis of the planet gear revolves around the

central sun gear; and the differential gear system used to drive the wheels of automobiles, in

which the axis of the central bevel pinion is turned "end over end" by the ring gear, the drive to

the wheels being taken off by bevel gears meshing with the central bevel pinion. With the

differential gearing, the sum of the two wheel speeds is fixed, but how it is divided between the

two wheels is undetermined, so the outer wheel can run faster and the inner wheel slower on

corners.

Topic : Bevel And Worm Gears

Topic Objective:

At the end of this topic student would be able to:

 Learn the concept of Bevel and Worm Gears

 Working of Bevel and Worm Gear

Definition/Overview:

Bevel Gear: Bevel gears are essentially conically shaped, although the actual gear does not

extend all the way to the vertex (tip) of the cone that bounds it. With two bevel gears in mesh,

the vertices of their two cones lie on a single point, and the shaft axes also intersect at that point.
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The angle between the shafts can be anything except zero or 180 degrees. Bevel gears with equal

numbers of teeth and shaft axes at 90 degrees are called miter gears

Worm Gear: A worm is a gear that resembles a screw. It is a species of helical gear, but its helix

angle is usually somewhat large(ie., somewhat close to 90 degrees) and its body is usually fairly

long in the axial direction; and it is these attributes which give it its screw like qualities. A worm

is usually meshed with an ordinary looking, disk-shaped gear, which is called the "gear", the

"wheel", the "worm gear", or the "worm wheel".

Key Points:

1. Worm Gear

The prime feature of a worm-and-gear set is that it allows the attainment of a high gear ratio with

few parts, in a small space. Helical gears are, in practice, limited to gear ratios of 10:1 and under;

worm gear sets commonly have gear ratios between 10:1 and 100:1, and occasionally 500:1. In

worm-and-gear sets, where the worm's helix angle is large, the sliding action between teeth can

be considerable, and the resulting frictional loss causes the efficiency of the drive to be usually

less than 90 percent, sometimes less than 50 percent, which is far less than other types of gears.

The distinction between a worm and a helical gear is made when at least one tooth persists for a

full 360 degree turn around the helix. If this occurs, it is a 'worm'; if not, it is a 'helical gear'. A

worm may have as few as one tooth. If that tooth persists for several turns around the helix, the

worm will appear, superficially, to have more than one tooth, but what one in fact sees is the

same tooth reappearing at intervals along the length of the worm. The usual screw nomenclature

applies: a one-toothed worm is called "single thread" or "single start"; a worm with more than

one tooth is called "multiple thread" or "multiple start".

We should note that the helix angle of a worm is not usually specified. Instead, the lead angle,

which is equal to 90 degrees minus the helix angle, is given.
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In a worm-and-gear set, the worm can always drive the gear. However, if the gear attempts to

drive the worm, it may or may not succeed. Particularly if the lead angle is small, the gear's teeth

may simply lock against the worm's teeth, because the force component circumferential to the

worm is not sufficient to overcome friction. Whether this will happen depends on a function of

several parameters; however, an approximate rule is that if the tangent of the lead angle is greater

than the coefficient of friction, the gear will not lock. Worm-and-gear sets that do lock in the

above manner are called "self locking". The self locking feature can be an advantage, as for

instance when it is desired to set the position of a mechanism by turning the worm and then have

the mechanism hold that position. An example of this is the tuning mechanism on some types of

stringed instruments.

If the gear in a worm-and-gear set is an ordinary helical gear only point contact between teeth

will be achieved. If medium to high power transmission is desired, the tooth shape of the gear is

modified to achieve more intimate contact with the worm thread. A noticeable feature of most

such gears is that the tooth tops are concave, so that the gear partly envelopes the worm. A

further development is to make the worm concave (viewed from the side, perpendicular to its

axis) so that it partly envelopes the gear as well; this is called a cone-drive or Hindley worm.

A right hand helical gear or right hand worm is one in which the teeth twist clockwise as they

recede from an observer looking along the axis. The designations, right hand and left hand, are

the same as in the long established practice for screw threads, both external and internal. Two

external helical gears operating on parallel axes must be of opposite hand. An internal helical

gear and its pinion must be of the same hand.It is used to get high velocity ratio.

A left hand helical gear or left hand worm is one in which the teeth twist counterclockwise as

they recede from an observer looking along the axis

2. Bevel Gear

The teeth of a bevel gear may be straight-cut as with spur gears, or they may be cut in a variety

of other shapes. 'Spiral bevel gears' have teeth that are both curved along their (the tooth's)

length; and set at an angle, analogously to the way helical gear teeth are set at an angle compared

to spur gear teeth. 'Zero bevel gears' have teeth which are curved along their length, but not
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angled. Spiral bevel gears have the same advantages and disadvantages relative to their straight-

cut cousins as helical gears do to spur gears. Straight bevel gears are generally used only at

speeds below 5 m/s (1000 ft/min), or, for small gears, 1000 r.p.m.

Topic : Clutches, Brakes, Couplings And Flywheels

Topic Objective:

At the end of this topic student would be able to:

 Learn the concept of clutch

 Learn the concept of brake

 Learn the concept of coupling

 Learn the concept of Vehicular

 Learn the concept of Operation in automobiles

 Learn the concept of Physics of Flywheel

Definition/Overview:

A clutch is a mechanism for transmitting rotation, which can be engaged and disengaged.

Clutches are useful in devices that have two rotating shafts. In these devices, one shaft is

typically driven by a motor or pulley, and the other shaft drives another device. In a drill, for

instance, one shaft is driven by a motor, and the other drives a drill chuck. The clutch connects
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the two shafts so that they can either be locked together and spin at the same speed (engaged), or

be decoupled and spin at different speeds (disengaged)

A brake is a device for applying a force against the friction of the road, slowing or stopping the

motion of a machine or vehicle, or alternatively a device to restrain it from starting to move

again. The kinetic energy lost by the moving part is usually translated to heat by friction.

Alternatively, in regenerative braking, much of the energy is recovered and stored for later use.

A coupling is a device used to connect two shafts together at their ends for the purpose of

transmitting power. Couplings do not normally allow disconnection of shafts during operation,

though there do exist torque limiting couplings which can slip or disconnect when some torque

limit is exceeded

A flywheel is a mechanical device with significant moment of inertia used as a storage device for

rotational energy. Flywheels resist changes in their rotational speed, which helps steady the

rotation of the shaft when a fluctuating torque is exerted on it by its power source such as a

piston-based (reciprocating) engine, or when the load placed on it is intermittent (such as a piston

pump). Flywheels can be used to produce very high power pulses as needed for some

experiments, where drawing the power from the public network would produce unacceptable

spikes. A small motor can accelerate the flywheel between the pulses. Recently, flywheels have

become the subject of extensive research as power storage devices for uses in vehicles; see

flywheel energy storage.

Key Points:

1. Vehicular

There are many different vehicle clutch designs but most are based on one or more friction discs,

pressed tightly together or against a flywheel using springs. The friction material varies in

composition depending on whether the clutch is dry or wet, and on other considerations. Friction
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discs once contained asbestos, but this has been largely eliminated. Clutches found in heavy duty

applications such as trucks and competition cars use ceramic clutches that have a greatly

increased friction coefficient; however, these have a "grabby" action and are unsuitable for road

cars. The spring pressure is released when the clutch pedal is depressed thus either pushing or

pulling the diaphragm of the pressure plate, depending on type, and the friction plate is released

and allowed to rotate freely.

When engaging the clutch, the engine speed may need to be increased from idle, using the

manual throttle, so that the engine does not stall (although in some cars, especially diesels, there

is enough torque at idling speed that the car can move; this requires fine control of the clutch).

However, raising the engine speed too high while engaging the clutch will cause excessive clutch

plate wear. Engaging the clutch abruptly when the engine is turning at high speed causes a harsh,

jerky start. This kind of start is necessary and desirable in drag racing and other competitions

where speed is more of an issue than comfort.

2. Wet and dry

A 'wet clutch' is immersed in a cooling lubricating fluid, which also keeps the surfaces clean and

gives smoother performance and longer life. Wet clutches, however, tend to lose some energy to

the liquid. A 'dry clutch', as the name implies, is not bathed in fluid. Since the surfaces of a wet

clutch can be slippery (as with a motorcycle clutch bathed in transmission oil), stacking multiple

clutch disks can compensate for the lower coefficient of friction and so eliminate slippage when

fully engaged.

3. Operation in automobiles

This plastic pilot shaft guide tool is used to align the clutch disk as the spring-loaded pressure

plate is installed. The transmission's drive splines and pilot shaft have an identical shape. A

number of such devices fit various makes and models of drivetrains
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In a car the clutch is operated by the left-most pedal using hydraulics or a cable connection from

the pedal to the clutch mechanism. Even though the clutch may physically be located very close

to the pedal, such remote means of actuation (or a multi-jointed linkage) are necessary to

eliminate the effect of slight engine movement, engine mountings being flexible by design. With

a rigid mechanical linkage, smooth engagement would be near-impossible, because engine

movement inevitably occurs as the drive is "taken up." No pressure on the pedal means that the

clutch plates are engaged (driving), while pressing the pedal disengages the clutch plates,

allowing the driver to shift gears or coast.

A manual transmission contains cogs for selecting gears. These cogs have matching teeth, called

dog teeth, which means that the rotation speeds of the two parts have a synchronizer, a device

that uses frictional contact to bring the two parts to the same speed, and a locking mechanism

called a blocker ring to prevent engagement of the teeth (full movement of the shift lever into

gear) until the speeds are synchronized.

4. Physics of Flywheel

Energy is stored in the rotor as kinetic energy, or more specifically, rotational energy:

where

ω is the angular velocity, and

I is the moment of inertia of the mass about the center of rotation.

The moment of inertia for a solid-cylinder is ,
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for a thin-walled cylinder is ,

and for a thick-walled cylinder is .

where m denotes mass, and r denotes a radius. More information can be found at list of moments

of inertia

When calculating with SI units, the standards would be for mass, kilograms; for radius, meters;

and for angular velocity, radians per second. The resulting answer would be in Joules

The amount of energy that can safely be stored in the rotor depends on the point at which the

rotor will warp or shatter. The hoop stress on the rotor is a major consideration in the design of a

flywheel energy storage system.

where

σt is the tensile stress on the rim of the cylinder

ρ is the density of the cylinder

r is the radius of the cylinder, and

ω is the angular velocity of the cylinder.

5. High energy materials

Flywheel from stationary engine. Note the castellated rim which was used to rotate the engine to

the correct starting position by means of a lever.
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For a given flywheel design, it can be derived from the above equations that the kinetic energy is

proportional to the ratio of the hoop stress to the material density.

This parameter could be called the specific tensile strength. The flywheel material with the

highest specific tensile strength will yield the highest energy storage. This is one reason why

carbon fiber is a material of interest.

6. Non-powertrain in automobiles

There are other clutches found in a car. For example, a belt-driven engine cooling fan may have

a clutch that is heat-activated. The driving and driven elements are separated by a silicone-based

fluid and a valve controlled by a bimetallic spring. When the temperature is low, the spring

winds and closes the valve, which allows the fan to spin at about 20% to 30% of the shaft speed.

As the temperature of the spring rises, it unwinds and opens the valve, allowing fluid past the

valve which allows the fan to spin at about 60% to 90% of shaft speed depending on whether it's

a regular or heavy-duty clutch. There are also electronically engaged clutches (such as for an [air

conditioning] compressor) that use magnetic force to lock the drive and driven shafts together.

7. Operation in motorcycles

On most motorcycles, the clutch is operated by the clutch lever, located on the left handlebar. No

pressure on the lever means that the clutch plates are engaged (driving), while pulling the lever

back towards the rider will disengage the clutch plates, allowing the rider to shift gears.

Motorcycle clutches are usually made up of a stack of alternating plain steel and friction plates.

One type of plate has lugs on its inner diameter that key it to the engine crankshaft, while the

other type of plate has lugs on its outer diameter that key it to a basket that turns the transmission
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input shaft. The plates are forced together by a set of coil springs when the clutch is engaged.

Racing motorcycles often use slipper clutches to eliminate the effects of engine braking.

In Section 5 of this course you will cover these topics:
Flexible Mechanical Elements

Power Transmission Case Study

Finite-Element Analysis

Statistical Considerations

Topic : Flexible Mechanical Elements

Topic Objective:

At the end of this topic student would be able to:

 Learn the concept of Flexible Mechanical Elements

 Learn the concept of Belt

 Learn the concept of Power transmission

 Learn the concept of Flat Belts

 Learn the concept of Round belts

 Learn the concept of Vee belts

 Learn the concept of Film belts

 Learn the Steps in Flat-Belt Analysis
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Definition/Overview:

Flexible Mechanical Elements includes elements such as Belts, chains and ropes. These space

saving devices are often replacements to gearing, shafts and other rigid power-transmission

devices. These devices reduce costs in most cases and are most commonly found in conveying

machines Flexible machine elements absorb shock loads due to their inherit elasticity; thereby

damping out vibrations and increasing service life. Due to their elasticity flexible elements

should be subject to a strict inspection regime and replaced at first signs of deterioration

Key Points:

1. Belt

A Belt is a looped strip of flexible material, used to mechanically link two or more rotating

shafts. They may be used as a source of motion, to efficiently transmit power, or to track relative

movement. Belts are looped over pulleys. In a two pulley system, the belt can either drive the

pulleys in the same direction, or the belt may be crossed, so that the direction of the shafts is

opposite. As a source of motion, a conveyor belt is one application where the belt is adapted to

continually carry a load between two points.

2. Power transmission

Belts are the cheapest utility for power transmission between shafts that may not be parallel.

Power transmission is achieved by specially designed belts and pulleys. The demands on a belt

drive transmission system are large and this has led to many variations on the theme. They run
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smoothly and with little noise, and cushion motor and bearings against load changes, albeit with

less strength than gears or chains. However, improvements in belt engineering allow use of belts

in systems that only formerly allowed chains or gears.

3. Flat Belts

Flat belts were used early in line shafting to transmit power in factories. It is a simple system of

power transmission that was well suited to its day. It delivered high power for high speeds (500

hp for 10,000 ft/min), in cases of wide belts and large pulleys. These drives are bulky, requiring

high tension leading to high loads, so vee belts have mainly replaced the flat-belts except when

high speed is needed over power. The Industrial Revolution soon demanded more from the

system, and flat belt pulleys need to be carefully aligned to prevent the belt from slipping off.

Because flat belts tend to slip towards the higher side of the pulley, pulleys were made with a

slightly convex or "crowned" surface (rather than flat) to keep the belts centered. The flat belt

also tends to slip on the pulley face when heavy loads are applied. Many proprietary dressings

were available that could be applied to the belts to increase friction, and so power transmission.

Grip was better if the belt was assembled with the hair (i.e. outer) side of the leather against the

pulley although belts were also often given a half-twist before joining the ends (forming a Mbius

strip), so that wear was evenly distributed on both sides of the belt (DB). Belts were joined by

lacing the ends together with leather thonging, or later by patent steel comb fasteners. A good

modern use for a flat belt is with smaller pulleys and large central distances. They can connect

inside and outside pulleys, and can come in both endless and jointed construction.

4. Round belts

Round belts are a circular cross section belt designed to run in a pulley with a circular (or near

circular) groove. They are for use in low torque situations and may be purchased in various

lengths or cut to length and joined, either by a staple, gluing or welding (in the case of
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polyurethane). Early sewing machines utilized a leather belt, joined either by a metal staple or

glued, to great effect.

5. Vee belts

Vee belts (also known as V-belt or wedge rope) solved the slippage and alignment problem. It is

now the basic belt for power transmission. They provide the best combination of traction, speed

of movement, load of the bearings, and long service life. The V-belt was developed in 1917 by

John Gates of the Gates Rubber Company. They are generally endless, and their general cross-

section shape is trapezoidal. The "V" shape of the belt tracks in a mating groove in the pulley (or

sheave), with the result that the belt cannot slip off. The belt also tends to wedge into the groove

as the load increases the greater the load, the greater the wedging action improving torque

transmission and making the vee belt an effective solution, needing less width and tension than

flat belts. V-belts trump flat belts with their small center distances and high reduction ratios. The

preferred center distance is larger than the largest pulley diameter, but less than three times the

sum of both pulleys. Optimal speed range is 1000-7000 ft/min. V-belts need larger pulleys for

their larger thickness than flat belts. They can be supplied at various fixed lengths or as a

segmented section, where the segments are linked (spliced) to form a belt of the required length.

For high-power requirements, two or more vee belts can be joined side-by-side in an

arrangement called a multi-V, running on matching multi-groove sheaves. The strength of these

belts is obtained by reinforcements with fibers like steel, polyester or aramid (e.g. Twaron). This

is known as a multiple-belt drive. When an endless belt does not fit the need, jointed and link

vee-belts may be employed. Alas, they are weaker and only speed up to 4000 ft/min. A link v-

belt is a number of rubberized fabric links held together by metal fasteners. They are length

adjustable by dissasembling and removing links when needed.
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6. Film belts

Though often grouped with flat belts, they are actually a different kind. They consist of a very

thin belt (0.5-15 millimeters or 100-4000 micrometres) strip of plastic and occasionally rubber.

They are generally intended for low-power (10 hp or 7 kW), high-speed uses, allowing high

efficiency (up to 98%) and long life. These are seen in business machines, printers, tape

recorders, and other light-duty operations.

7. Steps in Flat-Belt Analysis

 Find exp(f ) from belt drive geometry and friction

 Find Fc using belt geometry and speed

 Find the necessary torque T = 63025Hd/n

 Using T, find the necessary (F1)a F2

 Find F2

 Check Friction Development, f < f

Find the factor of safety from:

Topic : Power Transmission Case Study

Topic Objective:

At the end of this topic student would be able to:

 Learn the concept of Power Transmission
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 Learn the concept of Electrical power

 Learn the concept of Mechanical power

 Learn the concept of Chemicals and fuels

Definition/Overview:

Power transmission is the movement of energy from its place of generation to a location where it

is applied to performing useful work. Power is defined formally as units of energy per unit time.

In SI units: 1 watt = 1 joule/s = 1 newton * meter/second (1W=1J/s=1Nm/s). Since the

development of technology, transmission and storage systems have been of immense interest to

technologists and technology users.

Key Points:

1. Electrical power

With widespread establishment of power grids, power transmission has come to be associated

most often with electric power transmission. Alternating current is normally preferred as its

voltage may be easily stepped up by a transformer in order to minimize resistive loss in the

conductors used to transmit power over great distances; another set of transformers is required to

step it back down to safer or more usable voltage levels at destination.

Power may also be transmitted by changing electromagnetic fields or by radio waves; microwave

energy may be carried efficiently over short distances by a waveguide.
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2. Mechanical power

Electrical power transmission has replaced mechanical power transmission in all but the very

shortest distances. From the 16th century through the industrial revolution to the end of the 19th

century mechanical power transmission was the norm. The oldest long-distance power

transmission technology involved systems of push-rods (stngenkunst or feldstngen) connecting

waterwheels to distant mine-drainage and brine-well pumps. A surviving example from 1780

exists at Bad Ksen that transmits power approximately 200 meters from a waterwheel to a salt

well, and from there, an additional 150 meters to a brine evaporator. This technology survived

into the 21st century in a handful of oilfields in the US, transmitting power from a central

pumping engine to the numerous pump-jacks in the oil field.

Factories were fitted with overhead line shafts providing rotary power. Short line-shaft systems

were described by Agricola, connecting a waterwheel to numerous ore-processing machines.

While the machines described by Agricola used geared connections from the shafts to the

machinery, by the 19th century, drivebelts would become the norm for linking individual

machines to the line shafts. One mid 19th century factory had 1,948 feet of line shafting with 541

pullies.

Mechanical power may be transmitted directly using a solid structure such as a driveshaft;

transmission gears can adjust the amount of torque or force vs. speed in much the same way an

electrical transformer adjusts voltage vs current.

Hydraulic systems use liquid under pressure to transmit power; canals and hydroelectric power

generation facilities harness natural water power to lift ships or generate electricity. Pumping

water or pushing mass uphill with (windmill pumps) is one possible means of energy storage.

London had a hydraulic network powered by five pumping stations operated be the London

Hydraulic Power Company, with a total effect of 5 MW.
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Pneumatic systems use gasses under pressure to transmit power; compressed air is commonly

used to operate pneumatic tools in factories and repair garages. A pneumatic wrench (for

instance) is used to remove and install automotive tyres far more quickly than could be done with

standard manual hand tools.

A pneumatic system was proposed by proponents of Edison's direct current as the basis of the

power grid. Compressed air generated at Niagara Falls would drive far away generators of DC

power. The War of Currents ended with alternating current (AC) as the only means of long

distance power transmission.

4. Chemicals and fuels

Power (and energy) may be transmitted by physically transporting chemical or nuclear fuels.

Possible artificial fuels include radioactive isotopes, wood alcohol, grain alcohol, methane,

synthetic gas, cryogenic gas, hydrogen gas (H2) and liquefied natural gas (LNG).

5. The Problem

DESA is taking a new project to transfer power. Power is generated by the newly established

plant in Barisal. The main aim of this project is to transfer Power in Dhaka. As Dhaka is a

megacity with almost 10 million people DESA wants to transfer maximum amount of power

through the network. But as always occurs in case of power transmission it is tough to resist loss.

So they want to use some regulators whose main aim are to divert power through several outlets

without any loss.

Each such regulator has different capacity. It means if a regulator gets 100 unit power and it's

capacity is 80 unit then remaining 20 unit power will be lost. Moreover each unidirectional link(

Connectors among regulators) has a certain capacity. A link with capacity 20 unit cannot transfer
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power more than 20 unit. Each regulator can distribute the input power among the outgoing links

so that no link capacity is overflown. DESA wants to know the maximum amount of power

which can be transmitted throughout the network so that no power loss occurs. That is the job

you have to do.

6. The Input

The input will start with a postive integer N ( 1<=N<=100 ) indicates the number of regulators.

The next few lines contain N positive integers indicating the capacity of each regulator from 1 to

N. The next line contains another positive integer M which is the number of links available

among the regulators. Following M lines contain 3 positive integers ( i j C) each. 'i' and 'j' is the

regulator index ( 1<=i,j<=N) and C is the capacity of the link. Power can transfer from i'th

regulator to j'th regulator. The next line contains another two positive integers B and D. B is the

number of regulators which are the entry point of the network. Power generated in Barisal must

enter in the network through these entry points. Simmilarly D is the number of regulators

connected to Dhaka. These links are special and have infinite capacity. Next line will contain

B+D integers each of which is an index of regulator. The first B integers are the index of

regulators connected with Barisal. Regulators connected with Barisal are not connected with

Dhaka.

Input is terminated by EOF.

7. The Output

For each test case show the maximum amount of power which can be transferred to Dhaka from

Barisal. Use a seperate line for each test case.
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8 . Sample Input

4

10 20 30 40

6

1 2 5

1 3 10

1 4 13

2 3 5

2 4 7

3 4 20

3 1

1 2 3 4

2

50 100

1

1 2 100

1 1

1 2

9. Sample Output

37

50
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Topic : Finite-Element Analysis

Topic Objective:

At the end of this topic student would be able to:

 Learn the concept of Finite-Element Analysis

 Learn the concept of Technical discussion

 Learn the concept of Variational formulation

 Learn the concept of Discretization

 Learn the concept of Choosing a basis

Definition/Overview:

FEA consists of a computer model of a material or design that is stressed and analyzed for

specific results. It is used in new product design, and existing product refinement. A company is

able to verify a proposed design will be able to perform to the client's specifications prior to

manufacturing or construction. Modifying an existing product or structure is utilized to qualify

the product or structure for a new service condition. In case of structural failure, FEA may be

used to help determine the design modifications to meet the new condition.

There are generally two types of analysis that are used in industry: 2-D modeling, and 3-D

modeling. While 2-D modeling conserves simplicity and allows the analysis to be run on a

relatively normal computer, it tends to yield less accurate results. 3-D modeling, however,

produces more accurate results while sacrificing the ability to run on all but the fastest computers

effectively. Within each of these modeling schemes, the programmer can insert numerous

algorithms (functions) which may make the system behave linearly or non-linearly. Linear

systems are far less complex and generally do not take into account plastic deformation. Non-
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linear systems do account for plastic deformation, and many also are capable of testing a material

all the way to fracture.

Key Points:

1. How Does Finite Element Analysis Work?

FEA uses a complex system of points called nodes which make a grid called a mesh. This mesh

is programmed to contain the material and structural properties which define how the structure

will react to certain loading conditions. Nodes are assigned at a certain density throughout the

material depending on the anticipated stress levels of a particular area. Regions which will

receive large amounts of stress usually have a higher node density than those which experience

little or no stress. Points of interest may consist of: fracture point of previously tested material,

fillets, corners, complex detail, and high stress areas. The mesh acts like a spider web in that

from each node, there extends a mesh element to each of the adjacent nodes. This web of vectors

is what carries the material properties to the object, creating many elements.

A wide range of objective functions (variables within the system) are available for minimization

or maximization:

 Mass, volume, temperature

 Strain energy, stress strain

 Force, displacement, velocity, acceleration

 Synthetic (User defined)

There are multiple loading conditions which may be applied to a system. Next to Figure 3, some

examples are shown:

 Point, pressure (Figure 3), thermal, gravity, and centrifugal static loads

 Thermal loads from solution of heat transfer analysis
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 Enforced displacements

 Heat flux and convection

 Point, pressure and gravity dynamic loads

Each FEA program may come with an element library, or one is constructed over time. Some

sample elements are:

 Rod elements

 Beam elements

 Plate/Shell/Composite elements

 Shear panel

 Solid elements

 Spring elements

 Mass elements

 Rigid elements

 Viscous damping elements

Many FEA programs also are equipped with the capability to use multiple materials within the

structure such as:

 Isotropic, identical throughout

 Orthotropic, identical at 90 degrees

 General anisotropic, different throughout

2. Technical discussion

We will illustrate the finite element method using two sample problems from which the general

method can be extrapolated. It is assumed that the reader is familiar with calculus and linear

algebra.

P1 is a one-dimensional problem
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where f is given and u is an unknown function of x, and u'' is the second derivative of u with

respect to x.

The two-dimensional sample problem is the Dirichlet problem

where Ω is a connected open region in the (x,y) plane whose boundary is "nice" (e.g., a

smooth manifold or a polygon), and uxx and uyy denote the second derivatives with respect to x

and y, respectively.

The problem P1 can be solved "directly" by computing antiderivatives. However, this method of

solving the boundary value problem works only when there is only one spatial dimension and

does not generalize to higher-dimensional problems or to problems like u + u'' = f. For this

reason, we will develop the finite element method for P1 and outline its generalization to P2.

Our explanation will proceed in two steps, which mirror two essential steps one must take to

solve a boundary value problem (BVP) using the FEM.

In the first step, one rephrases the original BVP in its weak, or variational form. Little to no

computation is usually required for this step, the transformation is done by hand on paper.

The second step is the discretization, where the weak form is discretized in a finite dimensional

space.

After this second step, we have concrete formulae for a large but finite dimensional linear

problem whose solution will approximately solve the original BVP. This finite dimensional

problem is then implemented on a computer.
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3. Variational formulation

The first step is to convert P1 and P2 into their variational equivalents, or Weak formulation. If u

solves P1, then for any smooth function v that satisfies the displacement boundary conditions,

i.e. v = 0 at x = 0 and x = 1,we have

(1)

Conversely, if u with u(0) = u(1) = 0 satisfies (1) for every smooth function v(x) then one may

show that this u will solve P1. The proof is easier for twice continuously differentiable u (mean

value theorem), but may be proved in a distributional sense as well.

By using integration by parts on the right-hand-side of (1), we obtain

(2)

where we have used the assumption that v(0) = v(1) = 0.

4. Discretization

The basic idea is to replace the infinite dimensional linear problem:

Find such that

with a finite dimensional version:

(3) Find such that
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where V is a finite dimensional subspace of . There are many possible choices for V (one

possibility leads to the spectral method). However, for the finite element method we take V to be

a space of piecewise linear functions.

For problem P1, we take the interval (0,1), choose n values of x with 0 = x0 < x1 < ... < xn < xn

+ 1 = 1 and we define V by

where we define x0 = 0 and xn + 1 = 1. Observe that functions in V are not differentiable

according to the elementary definition of calculus. Indeed, if then the derivative is

typically not defined at any x = xk, k = 1,...,n. However, the derivative exists at every other value

of x and one can use this derivative for the purpose of integration by parts.

For problem P2, we need V to be a set of functions of Ω. In the figure on the right, we have

illustrated a triangulation of a 15 sided polygonal region Ω in the plane (below), and a piecewise

linear function (above, in color) of this polygon which is linear on each triangle of the

triangulation; the space V would consist of functions that are linear on each triangle of the

chosen triangulation.

One often reads Vh instead of V in the literature. The reason is that one hopes that as the

underlying triangular grid becomes finer and finer, the solution of the discrete problem (3) will in

some sense converge to the solution of the original boundary value problem P2. The

triangulation is then indexed by a real valued parameter h > 0 which one takes to be very small.

This parameter will be related to the size of the largest or average triangle in the triangulation. As
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we refine the triangulation, the space of piecewise linear functions V must also change with h,

hence the notation Vh. Since we do not perform such an analysis, we will not use this notation.

5. Choosing a basis

To complete the discretization, we must select a basis of V. In the one-dimensional case, for each

control point xk we will choose the piecewise linear function vk in V whose value is 1 at xk and

zero at every , i.e.,

for k = 1,...,n; this basis is a shifted and scaled tent function. For the two-dimensional case, we

choose again one basis function vk per vertex xk of the triangulation of the planar region Ω. The

function vk is the unique function of V whose value is 1 at xk and zero at every .

Depending on the author, the word "element" in "finite element method" refers either to the

triangles in the domain, the piecewise linear basis function, or both. So for instance, an author

interested in curved domains might replace the triangles with curved primitives, in which case he

might describe his elements as being curvilinear. On the other hand, some authors replace

"piecewise linear" by "piecewise quadratic" or even "piecewise polynomial". The author might

then say "higher order element" instead of "higher degree polynomial". Finite element method is

not restricted to triangles (or tetrahedra in 3-d, or higher order simplexes in multidimensional

spaces), but can be defined on quadrilateral subdomains (hexahedra, prisms, or pyramids in 3-d,

and so on). Higher order shapes (curvilinear elements) can be defined with polynomial and even

non-polynomial shapes (e.g. ellipse or circle).
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Examples of methods that use higher degree piecewise polynomial basis functions are the hp-

FEM and spectral FEM.

Topic : Statistical Considerations

Topic Objective:

At the end of this topic student would be able to:

 Learn the concept of Boltzmann Distribution

 Learn the concept of Fundamental postulate

 Learn the concept of Microcanonical ensemble

 Learn the concept of Thermodynamic Connection

 Learn the concept of Grand canonical ensemble

 Learn the concept of Random walks in time

Definition/Overview:

Statistical mechanics is the application of probability theory, which includes mathematical tools

for dealing with large populations, to the field of mechanics, which is concerned with the motion

of particles or objects when subjected to a force. It provides a framework for relating the

microscopic properties of individual atoms and molecules to the macroscopic or bulk properties

of materials that can be observed in everyday life, therefore explaining thermodynamics as a

natural result of statistics and mechanics (classical and quantum) at the microscopic level.

It provides an interpretation of thermodynamic quantities such as work, heat, free energy, and

entropy, allowing the thermodynamic properties of bulk materials to be related to the
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spectroscopic data of individual molecules. This ability to make macroscopic predictions based

on microscopic properties is the main advantage of statistical mechanics over classical

thermodynamics. Both theories are governed by the second law of thermodynamics through the

medium of entropy. However, entropy in thermodynamics can only be known empirically,

whereas in statistical mechanics, it is a function of the distribution of the system on its micro-

states.

Key Points:

1. Boltzmann Distribution

If the system is large the Boltzmann distribution could be used (the Boltzmann distribution is an

approximate result)

This can now be used with :

2. Fundamental postulate

The fundamental postulate in statistical mechanics (also known as the equal a priori probability

postulate) is the following:

Given an isolated system in equilibrium, it is found with equal probability in each of its

accessible microstates.

This postulate is a fundamental assumption in statistical mechanics - it states that a system in

equilibrium does not have any preference for any of its available microstates. Given Ω
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microstates at a particular energy, the probability of finding the system in a particular microstate

is p = 1/Ω.

This postulate is necessary because it allows one to conclude that for a system at equilibrium, the

thermodynamic state (macrostate) which could result from the largest number of microstates is

also the most probable macrostate of the system.

The postulate is justified in part, for classical systems, by Liouville's theorem (Hamiltonian),

which shows that if the distribution of system points through accessible phase space is uniform at

some time, it remains so at later times.

Similar justification for a discrete system is provided by the mechanism of detailed balance.

This allows for the definition of the information function (in the context of information theory):

When all rhos are equal, I is maximal, and we have minimal information about the system. When

our information is maximal (i.e., one rho is equal to one and the rest to zero, such that we know

what state the system is in), the function is minimal.

This "information function" is the same as the reduced entropic function in thermodynamics.

3. Microcanonical ensemble

In microcanonical ensemble N, V and E are fixed. Since the second law of thermodynamics

applies to isolated systems, the first case investigated will correspond to this case. The

Microcanonical ensemble describes an isolated system.

The entropy of such a system can only increase, so that the maximum of its entropy corresponds

to an equilibrium state for the system.
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Because an isolated system keeps a constant energy, the total energy of the system does not

fluctuate. Thus, the system can access only those of its micro-states that correspond to a given

value E of the energy. The internal energy of the system is then strictly equal to its energy.

Let us call Ω(E) the number of micro-states corresponding to this value of the system's energy.

The macroscopic state of maximal entropy for the system is the one in which all micro-states are

equally likely to occur, with probability 1 / Ω(E), during the system's fluctuations.

where

S is the system entropy, and

kB is Boltzmann's constant.

[edit] Canonical ensemble

Main article: Canonical ensemble

In canonical ensemble N, V and T are fixed. Invoking the concept of the canonical ensemble, it

is possible to derive the probability Pi that a macroscopic system in thermal equilibrium with its

environment, will be in a given microstate with energy Ei according to the Boltzmann

distribution:

The temperature T arises from the fact that the system is in thermal equilibrium with its

environment. The probabilities of the various microstates must add to one, and the normalization

factor in the denominator is the canonical partition function:
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where Ei is the energy of the ith microstate of the system. The partition function is a measure of

the number of states accessible to the system at a given temperature. The article canonical

ensemble contains a derivation of Boltzmann's factor and the form of the partition function from

first principles.

To sum up, the probability of finding a system at temperature T in a particular state with energy

Ei is

4. Thermodynamic Connection

The partition function can be used to find the expected (average) value of any microscopic

property of the system, which can then be related to macroscopic variables. For instance, the

expected value of the microscopic energy E is interpreted as the microscopic definition of the

thermodynamic variable internal energy U, and can be obtained by taking the derivative of the

partition function with respect to the temperature. Indeed,

implies, together with the interpretation of as U, the following microscopic definition of

internal energy:

The entropy can be calculated by (see Shannon entropy)
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which implies that

is the free energy of the system or in other words,

Having microscopic expressions for the basic thermodynamic potentials U (internal energy), S

(entropy) and F (free energy) is sufficient to derive expressions for other thermodynamic

quantities. The basic strategy is as follows. There may be an intensive or extensive quantity that

enters explicitly in the expression for the microscopic energy Ei, for instance magnetic field

(intensive) or volume (extensive). Then, the conjugate thermodynamic variables are derivatives

of the internal energy. The macroscopic magnetization (extensive) is the derivative of U with

respect to the (intensive) magnetic field, and the pressure (intensive) is the derivative of U with

respect to volume (extensive).

The treatment in this section assumes no exchange of matter (i.e. fixed mass and fixed particle

numbers). However, the volume of the system is variable which means the density is also

variable.

This probability can be used to find the average value, which corresponds to the macroscopic

value, of any property, J, that depends on the energetic state of the system by using the formula:

where is the average value of property J. This equation can be applied to the internal energy,

U:
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Subsequently, these equations can be combined with known thermodynamic relationships

between U and V to arrive at an expression for pressure in terms of only temperature, volume

and the partition function. Similar relationships in terms of the partition function can be derived

for other thermodynamic properties as shown in the following table; see also the detailed

explanation in configuration integral

To clarify, this is not a grand canonical ensemble.

It is often useful to consider the energy of a given molecule to be distributed among a number of

modes. For example, translational energy refers to that portion of energy associated with the

motion of the center of mass of the molecule. Configurational energy refers to that portion of

energy associated with the various attractive and repulsive forces between molecules in a system.

The other modes are all considered to be internal to each molecule. They include rotational,

vibrational, electronic and nuclear modes. If we assume that each mode is independent (a

questionable assumption) the total energy can be expressed as the sum of each of the

components:

Where the subscripts t, c, n, e, r, and v correspond to translational, configurational, nuclear,

electronic, rotational and vibrational modes, respectively. The relationship in this equation can

be substituted into the very first equation to give:

If we can assume all these modes are completely uncoupled and uncorrelated, so all these factors

are in a probability sense completely independent, then
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Thus a partition function can be defined for each mode. Simple expressions have been derived

relating each of the various modes to various measurable molecular properties, such as the

characteristic rotational or vibrational frequencies.

5. Grand canonical ensemble

In grand canonical ensemble V, T and chemical potential are fixed. If the system under study is

an open system, (matter can be exchanged), but particle number is not conserved, we would have

to introduce chemical potentials, μj, j = 1,...,n and replace the canonical partition function with

the grand canonical partition function:

where Nij is the number of jth species particles in the ith configuration. Sometimes, we also have

other variables to add to the partition function, one corresponding to each conserved quantity.

Most of them, however, can be safely interpreted as chemical potentials. In most condensed

matter systems, things are nonrelativistic and mass is conserved. However, most condensed

matter systems of interest also conserve particle number approximately (metastably) and the

mass (nonrelativistically) is none other than the sum of the number of each type of particle times

its mass. Mass is inversely related to density, which is the conjugate variable to pressure. For the

rest of this article, we will ignore this complication and pretend chemical potentials don't matter.

See grand canonical ensemble.

Let's rework everything using a grand canonical ensemble this time. The volume is left fixed and

does not figure in at all in this treatment. As before, j is the index for those particles of species j

and i is the index for microstate i:
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6. Random walks in time

The first example of a random walk is one in space, whereby a particle undergoes a random

motion due to external forces in its surrounding medium. A typical example would be a pollen

grain in a beaker of water. If one could somehow "dye" the path the pollen grain has taken, the

path observed is defined as a random walk.

Consider a toy problem, of a train moving along a 1D track in the x-direction. Suppose that the

train moves either a distance of + or - a fixed distance b, depending on whether a coin lands

heads or tails when flipped. Lets start by considering the statistics of the steps the toy train takes

(where Si is the ith step taken):

; due to a priori equal probabilities

The second quantity is known as the correlation function. The delta is the kronecker delta which

tells us that if the indices i and j are different, then the result is 0, but if i = j then the kronecker

delta is 1, so the correlation function returns a value of b2. This makes sense, because if i = j then

we are considering the same step. Rather trivially then it can be shown that the average

displacement of the train on the x-axis is 0;

As stated is 0, so the sum of 0 is still 0. It can also be shown, using the same method

demonstrated above, to calculate the root mean square value of problem. The result of this

calculation is given below

From the diffusion equation it can be shown that the distance a diffusing particle moves in a

media is proportional to the root of the time the system has been diffusing for, where the

proportionality constant is the root of the diffusion constant. The above relation, although

cosmetically different reveals similar physics, where N is simply the number of steps moved (is

www.bsscommunitycollege.in   www.bssnewgeneration.in  www.bsslifeskillscollege.in

113
www.onlineeducation.bharatsevaksamaj.net        www.bssskillmission.in

WWW.BSSVE.IN



loosely connected with time) and b is the characteristic step length. As a consequence we can

consider diffusion as a random walk process.
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